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Preface for Students 


You are about to immerse yourself in serious mathematics, with an emphasis on 
attaining a deep understanding of the definitions, theorems, and proofs related to 
measure, integration, and real analysis. This book aims to guide you to the wonders 
of this subject. 

You cannot read mathematics the way you read a novel. If you zip through a page 
in less than an hour, you are probably going too fast. When you encounter the phrase 
as you should verify, you should indeed do the verification, which will usually require 
some writing on your part. When steps are left out, you need to supply the missing 
pieces. You should ponder and internalize each definition. For each theorem, you 
should seek examples to show why each hypothesis is necessary. 

Working on the exercises should be your main mode of learning after you have 
read a section. Discussions and joint work with other students may be especially 
effective. Active learning promotes long-term understanding much better than passive 
learning. Thus you will benefit considerably from struggling with an exercise and 
eventually coming up with a solution, perhaps working with other students. Finding 
and reading a solution on the internet will likely lead to little learning. 

As a visual aid, throughout this book definitions are in yellow boxes and theorems 
are in blue boxes, in both print and electronic versions. Each theorem has an informal 
descriptive name. The electronic version of this manuscript has links in blue. 

Please check the website below (or the Springer website) for additional information 
about the book. These websites link to the electronic version of this book, which is 
free to the world because this book has been published under Springer’s Open Access 
program. Your suggestions for improvements and corrections for a future edition are 
most welcome (send to the email address below). 

The prerequisite for using this book includes a good understanding of elementary 
undergraduate real analysis. You can download from the website below or from the 
Springer website the document titled Supplement for Measure, Integration & Real 
Analysis. That supplement can serve as a review of the elementary undergraduate real 
analysis used in this book. 

Best wishes for success and enjoyment in learning measure, integration, and real 
analysis! 


Sheldon Axler 

Mathematics Department 

San Francisco State University 
San Francisco, CA 94132, USA 


website: http://measure.axler.net 
e-mail: measure @axler.net 
Twitter: @AxlerLinear 
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Preface for Instructors 


You are about to teach a course, or possibly a two-semester sequence of courses, on 
measure, integration, and real analysis. In this textbook, I have tried to use a gentle 
approach to serious mathematics, with an emphasis on students attaining a deep 
understanding. Thus new material often appears in a comfortable context instead 
of the most general setting. For example, the Fourier transform in Chapter 11 is 
introduced in the setting of R rather than R” so that students can focus on the main 
ideas without the clutter of the extra bookkeeping needed for working in R”. 

The basic prerequisite for your students to use this textbook is a good understand- 
ing of elementary undergraduate real analysis. Your students can download from the 
book’s website (http://measure.axler.net) or from the Springer website the document 
titled Supplement for Measure, Integration & Real Analysis. That supplement can 
serve as a review of the elementary undergraduate real analysis used in this book. 

As a visual aid, throughout this book definitions are in yellow boxes and theorems 
are in blue boxes, in both print and electronic versions. Each theorem has an informal 
descriptive name. The electronic version of this manuscript has links in blue. 

Mathematics can be learned only by doing. Fortunately, real analysis has many 
good homework exercises. When teaching this course, during each class I usually 
assign as homework several of the exercises, due the next class. I grade only one 
exercise per homework set, but the students do not know ahead of time which one. I 
encourage my students to work together on the homework or to come to me for help. 
However, I tell them that getting solutions from the internet is not allowed and would 
be counterproductive for their learning goals. 

If you go at a leisurely pace, then covering Chapters 1-5 in the first semester may 
be a good goal. If you go a bit faster, then covering Chapters 1—6 in the first semester 
may be more appropriate. For a second-semester course, covering some subset of 
Chapters 6 through 12 should produce a good course. Most instructors will not have 
time to cover all those chapters in a second semester; thus some choices need to 
be made. The following chapter-by-chapter summary of the highlights of the book 
should help you decide what to cover and in what order: 


e Chapter 1: This short chapter begins with a brief review of Riemann integration. 
Then a discussion of the deficiencies of the Riemann integral helps motivate the 
need for a better theory of integration. 


e Chapter 2: This chapter begins by defining outer measure on R as a natural 
extension of the length function on intervals. After verifying some nice properties 
of outer measure, we see that it is not additive. This observation leads to restricting 
our attention to the v-algebra of Borel sets, defined as the smallest 7-algebra on R 
containing all the open sets. This path leads us to measures. 


Preface for Instructors XV 


After dealing with the properties of general measures, we come back to the setting 
of R, showing that outer measure restricted to the -algebra of Borel sets is 
countably additive and thus is a measure. Then a subset of R is defined to be 
Lebesgue measurable if it differs from a Borel set by a set of outer measure 0. This 
definition makes Lebesgue measurable sets seem more natural to students than the 
other competing equivalent definitions. The Cantor set and the Cantor function 
then stretch students’ intuition. 


Egorov’s Theorem, which states that pointwise convergence of a sequence of 
measurable functions is close to uniform convergence, has multiple applications in 
later chapters. Luzin’s Theorem, back in the context of R, sounds spectacular but 
has no other uses in this book and thus can be skipped if you are pressed for time. 


Chapter 3: Integration with respect to a measure is defined in this chapter in a 
natural fashion first for nonnegative measurable functions, and then for real-valued 
measurable functions. The Monotone Convergence Theorem and the Dominated 
Convergence Theorem are the big results in this chapter that allow us to interchange 
integrals and limits under appropriate conditions. 


Chapter 4: The highlight of this chapter is the Lebesgue Differentiation Theorem, 
which allows us to differentiate an integral. The main tool used to prove this 
result cleanly is the Hardy—Littlewood maximal inequality, which is interesting 
and important in its own right. This chapter also includes the Lebesgue Density 
Theorem, showing that a Lebesgue measurable subset of R has density 1 at almost 
every number in the set and density 0 at almost every number not in the set. 


Chapter 5: This chapter deals with product measures. The most important results 
here are Tonelli’s Theorem and Fubini’s Theorem, which allow us to evaluate 
integrals with respect to product measures as iterated integrals and allow us to 
change the order of integration under appropriate conditions. As an application of 
product measures, we get Lebesgue measure on R” from Lebesgue measure on R. 
To give students practice with using these concepts, this chapter finds a formula for 
the volume of the unit ball in R”. The chapter closes by using Fubini’s Theorem to 
give a simple proof that a mixed partial derivative with sufficient continuity does 
not depend upon the order of differentiation. 


Chapter 6: After a quick review of metric spaces and vector spaces, this chapter 
defines normed vector spaces. The big result here is the Hahn—Banach Theorem 
about extending bounded linear functionals from a subspace to the whole space. 
Then this chapter introduces Banach spaces. We see that completeness plays 
a major role in the key theorems: Open Mapping Theorem, Inverse Mapping 
Theorem, Closed Graph Theorem, and Principle of Uniform Boundedness. 


Chapter 7: This chapter introduces the important class of Banach spaces LP (u), 
where 1 < p < œ and p is a measure, giving students additional opportunities to 
use results from earlier chapters about measure and integration theory. The crucial 
results called Hélder’s inequality and Minkowski’s inequality are key tools here. 
This chapter also shows that the dual of £? is for 1 < p<. 


Chapters | through 7 should be covered in order, before any of the later chapters. 
After Chapter 7, you can cover Chapter 8 or Chapter 12. 
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Chapter 8: This chapter focuses on Hilbert spaces, which play a central role in 
modern mathematics. After proving the Cauchy—Schwarz inequality and the Riesz 
Representation Theorem that describes the bounded linear functionals on a Hilbert 
space, this chapter deals with orthonormal bases. Key results here include Bessel’s 
inequality, Parseval’s identity, and the Gram-Schmidt process. 


Chapter 9: Only positive measures have been discussed in the book up until this 
chapter. In this chapter, real and complex measures get consideration. These con- 
cepts lead to the Banach space of measures, with total variation as the norm. Key 
results that help describe real and complex measures are the Hahn Decomposition 
Theorem, the Jordan Decomposition Theorem, and the Lebesgue Decomposition 
Theorem. The Radon—Nikodym Theorem is proved using von Neumann’s slick 
Hilbert space trick. Then the Radon—Nikodym Theorem is used to prove that the 
dual of LP (u) can be identified with L?’(w) for 1 < p < œ and p a (positive) 
measure, completing a project that started in Chapter 7. 


The material in Chapter 9 is not used later in the book. Thus this chapter can be 
skipped or covered after one of the later chapters. 


Chapter 10: This chapter begins by discussing the adjoint of a bounded linear 
map between Hilbert spaces. Then the rest of the chapter presents key results 
about bounded linear operators from a Hilbert space to itself. The proof that each 
bounded operator on a complex nonzero Hilbert space has a nonempty spectrum 
requires a tiny bit of knowledge about analytic functions. Properties of special 
classes of operators (self-adjoint operators, normal operators, isometries, and 
unitary operators) are described. 


Then this chapter delves deeper into compact operators, proving the Fredholm 
Alternative. The chapter concludes with two major results: the Spectral Theorem 
for compact operators and the popular Singular Value Decomposition for compact 
operators. Throughout this chapter, the Volterra operator is used as an example to 
illustrate the main results. 


Some instructors may prefer to cover Chapter 10 immediately after Chapter 8, 
because both chapters live in the context of Hilbert space. I chose the current order 
to give students a breather between the two Hilbert space chapters, thinking that 
being away from Hilbert space for a little while and then coming back to it might 
strengthen students’ understanding and provide some variety. However, covering 
the two Hilbert space chapters consecutively would also work fine. 


Chapter 11: Fourier analysis is a huge subject with a two-hundred year history. 
This chapter gives a gentle but modern introduction to Fourier series and the 
Fourier transform. 


This chapter first develops results in the context of Fourier series, but then comes 
back later and develops parallel concepts in the context of the Fourier transform. 
For example, the Fourier coefficient version of the Riemann—Lebesgue Lemma is 
proved early in the chapter, with the Fourier transform version proved later in the 
chapter. Other examples include the Poisson kernel, convolution, and the Dirichlet 
problem, all of which are first covered in the context of the unit disk and unit circle; 
then these topics are revisited later in the context of the half-plane and real line. 
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Convergence of Fourier series is proved in the L? norm and also (for sufficiently 
smooth functions) pointwise. The book emphasizes getting students to work with 
the main ideas rather than on proving all possible results (for example, pointwise 
convergence of Fourier series is proved only for twice continuously differentiable 
functions rather than using a weaker hypothesis). 


The proof of the Fourier Inversion Formula is the highlight of the material on the 
Fourier transform. The Fourier Inversion Formula is then used to show that the 
Fourier transform extends to a unitary operator on L? (R). 


This chapter uses some basic results about Hilbert spaces, so it should not be 
covered before Chapter 8. However, if you are willing to skip or hand-wave 
through one result that helps describe the Fourier transform as an operator on 
L?(R) (see 11.87), then you could cover this chapter without doing Chapter 10. 


Chapter 12: A thorough coverage of probability theory would require a whole 
book instead of a single chapter. This chapter takes advantage of the book’s earlier 
development of measure theory to present the basic language and emphasis of 
probability theory. For students not pursuing further studies in probability theory, 
this chapter gives them a good taste of the subject. Students who go on to learn 
more probability theory should benefit from the head start provided by this chapter 
and the background of measure theory. 


Features that distinguish probability theory from measure theory include the 
notions of independent events and independent random variables. In addition to 
those concepts, this chapter discusses standard deviation, conditional probabilities, 
Bayes’ Theorem, and distribution functions. The chapter concludes with a proof of 
the Weak Law of Large Numbers for independent identically distributed random 
variables. 


You could cover this chapter anytime after Chapter 7. 


Please check the website below (or the Springer website) for additional information 


about the book. These websites link to the electronic version of this book, which is 


free to the world because this book has been published under Springer’s Open Access 
program. Your suggestions for improvements and corrections for a future edition are 
most welcome (send to the email address below). 


I enjoy keeping track of where my books are used as textbooks. If you use this 


book as the textbook for a course, please let me know. 


Best wishes for teaching a successful class on measure, integration, and real 


analysis! 

Sheldon Axler Contact the author, or Springer if the 
Mathematics Department author is not available, for permission 
San Francisco State University for translations or other commercial 
San Francisco, CA 94132, USA re-use of the contents of this book. 


website: http://measure.axler.net 
e-mail: measure @axler.net 
Twitter: @AxlerLinear 
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A) 
Chapter 1 oe 


Riemann Integration 


This brief chapter reviews Riemann integration. Riemann integration uses rectangles 
to approximate areas under graphs. This chapter begins by carefully presenting 
the definitions leading to the Riemann integral. The big result in the first section 
states that a continuous real-valued function on a closed bounded interval is Riemann 
integrable. The proof depends upon the theorem that continuous functions on closed 
bounded intervals are uniformly continuous. 

The second section of this chapter focuses on several deficiencies of Riemann 
integration. As we will see, Riemann integration does not do everything we would 
like an integral to do. These deficiencies provide motivation in future chapters for the 
development of measures and integration with respect to measures. 


Digital sculpture of Bernhard Riemann (1826-1866), 
whose method of integration is taught in calculus courses. 
©Doris Fiebig 


© Sheldon Axler 2020 
S. Axler, Measure, Integration & Real Analysis, Graduate Texts 1 
in Mathematics 282, https://doi.org/10.1007/978-3-030-33143-6_ 1 


2 Chapter 1 Riemann Integration 


1A Review: Riemann Integral 


We begin with a few definitions needed before we can define the Riemann integral. 
Let R denote the complete ordered field of real numbers. 


.1 Definition partition 


Suppose a,b € R witha < b. A partition of [a,b] is a finite list of the form 


Xor Xir- - -7 Xn, where 


a= Xa ace a h 


We use a partition xọ, X1, . . -, Xn of [a,b] to think of [a,b] as a union of closed 
subintervals, as follows: 


la, b] = [xo, x1] U [x1, x2] U + +- U [Xn-1; Xn]. 


The next definition introduces clean notation for the infimum and supremum of 
the values of a function on some subset of its domain. 


1.2 Definition notation for infimum and supremum of a function 


If f is a real-valued function and A is a subset of the domain of f, then 


inf f = inf{ f(x) :xE A} and ae = sup{f (x): x € A}. 


The lower and upper Riemann sums, which we now define, approximate the 
area under the graph of a nonnegative function (or, more generally, the signed area 
corresponding to a real-valued function). 


1.3 Definition lower and upper Riemann sums 


Suppose f: [a,b] — R is a bounded function and P is a partition xọo,..., Xn 
of [a,b]. The lower Riemann sum L(f,P, [a,b]) and the upper Riemann sum 
U(f,P, |a,b]) are defined by 


EGE P| [a, b]) — Xj- 1) inf 
E [xj-1/%)] 


LG Playa) = 3 (xj — 4-1) sup f. 


j=l [xj1, xj] 


Our intuition suggests that for a partition with only a small gap between consecu- 
tive points, the lower Riemann sum should be a bit less than the area under the graph, 
and the upper Riemann sum should be a bit more than the area under the graph. 
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The pictures in the next example help convey the idea of these approximations. 
The base of the i rectangle has length x; — xj—ı and has height inf f for the 
eee aa 
lower Riemann sum and height sup f for the upper Riemann sum. 
[xj-1,%j] 


1.4 Example lower and upper Riemann sums 


Define f: [0,1] > R by f(x) = x2. Let P, denote the partition 0,4,2,...,1 


pints 
of [0,1]. 
1 1t 
The two figures here show 
the graph of f in red. The 
infimum of this function f 
is attained at the left end- 
point of each subinterval 
ae L]; the supremum is 
attained at the right end- 
ZEI rego 
L(x, Pie, [0,1]) is the U(x?, Pie, [0, 1]) is the 
sum of the areas of these sum of the areas of these 
rectangles. rectangles. 


For the partition Pa, we have Xj — Xj-1 = i for each j = 1,...,n. Thus 


L(x?, Pn, (0,1]) = 


1 y UD _ 2n?—3n+1 
n 


m n2 6n? 
and 17? 2n?+3n+1 
U(x", Pp, (0, 1]) = = L wo see 
as you should verify [use the formula 1 +4 +9 +- -- +n? = naa! 


The next result states that adjoining more points to a partition increases the lower 
Riemann sum and decreases the upper Riemann sum. 


1.5 inequalities with Riemann sums 


Suppose f: [a,b] — R is a bounded function and P, P’ are partitions of [a,b] 
such that the list defining P is a sublist of the list defining P’. Then 


L(f,P, [a,b]) < L(f, P', [a,b]) < U(f, P', [a,b]) < U(f, P, [a,b]). 


Proof To prove the first inequality, suppose P is the partition xọ, . . - , Xn and P’ is the 
partition xĝ, .. -, Xy of [a,b]. For each j = 1,...,n, there exist k € {0,...,N — 1} 
and a positive integer m such that xj—1 = X% < X44 < `t < Xky}m = Xj. We have 
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m 
< Gi — Xhi), inf 

i=1 ei el 
The inequality above implies that L(f, P, [a,b]) < L(f, P’, |a, b]). 

The middle inequality in this result follows from the observation that the infimum 
of each set of real numbers is less than or equal to the supremum of that set. 

The proof of the last inequality in this result is similar to the proof of the first 
inequality and is left to the reader. 


The following result states that if the function is fixed, then each lower Riemann 
sum is less than or equal to each upper Riemann sum. 


1.6 lower Riemann sums < upper Riemann sums 


Suppose f : [a,b] — R is a bounded function and P, P’ are partitions of [a, b]. 


Then 
L(F, P, [a,b]) < U(f, P', [a,b]). 


Proof Let P” be the partition of [a,b] obtained by merging the lists that define P 
and P’. Then 


L(f, P, [a,b]) < L(f, P”, (a, b]) 
< U(f, P”, [a,b]) 
< U(f, P’, [a,b)), 


where all three inequalities above come from 1.5. 


We have been working with lower and upper Riemann sums. Now we define the 
lower and upper Riemann integrals. 


1.7 Definition lower and upper Riemann integrals 


Suppose f: [a,b] + R is a bounded function. The lower Riemann integral 
L(f, [a,b]) and the upper Riemann integral U(f, |a, b]) of f are defined by 


L(f, [a,b]) = ae L(f, P, [a,b]) 


and 


Uf, a,b]) = inf UF, P, [a,b] 


where the supremum and infimum above are taken over all partitions P of [a, b]. 
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In the definition above, we take the supremum (over all partitions) of the lower 
Riemann sums because adjoining more points to a partition increases the lower 
Riemann sum (by 1.5) and should provide a more accurate estimate of the area under 
the graph. Similarly, in the definition above, we take the infimum (over all partitions) 
of the upper Riemann sums because adjoining more points to a partition decreases 
the upper Riemann sum (by 1.5) and should provide a more accurate estimate of the 
area under the graph. 

Our first result about the lower and upper Riemann integrals is an easy inequality. 


1.8 lower Riemann integral < upper Riemann integral 


Suppose f : [a,b] — R is a bounded function. Then 


L(f, [a,b]) < Ulf, [a, b]). 


Proof The desired inequality follows from the definitions and 1.6. 


The lower Riemann integral and the upper Riemann integral can both be reasonably 
considered to be the area under the graph of a function. Which one should we use? 
The pictures in Example 1.4 suggest that these two quantities are the same for the 
function in that example; we will soon verify this suspicion. However, as we will see 
in the next section, there are functions for which the lower Riemann integral does not 
equal the upper Riemann integral. 

Instead of choosing between the lower Riemann integral and the upper Riemann 
integral, the standard procedure in Riemann integration is to consider only functions 
for which those two quantities are equal. This decision has the huge advantage of 
making the Riemann integral behave as we wish with respect to the sum of two 
functions (see Exercise 4 in this section). 


1.9 Definition Riemann integrable; Riemann integral 


e A bounded function on a closed bounded interval is called Riemann 
integrable if its lower Riemann integral equals its upper Riemann integral. 


b 
e If f: [a,b] — R is Riemann integrable, then the Riemann integral | fis 
defined by é 


i = L(f, [a,b]) = U(f, [a, b]). 


Let Z denote the set of integers and Z* denote the set of positive integers. 


1.10 Example computing a Riemann integral 
Define f: [0,1] — R by f(x) = x*. Then 


Qn2+3n+1 1 2n2 —3n+1 
U(f,[0,1]) < inf = = 
(f | D >= went 6n2 3 a 6n2 
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where the two inequalities above come from Example 1.4 and the two equalities 
easily follow from dividing the numerators and denominators of both fractions above 
by n?. 

The paragraph above shows that 
U(f,[0,1]) < $ < L(f,(0,1]). When 
combined with 1.8, this shows that 
L(f,(0,1]) = U(f,[0,1]) = 3. Thus 


f is Riemann integrable and 


ik 


Now we come to a key result regarding Riemann integration. Uniform continuity 
provides the major tool that makes the proof work. 


Our definition of Riemann 
integration is actually a small 


modification of Riemann’s definition 
that was proposed by Gaston 
Darboux (1842-1917). 


1.11 continuous functions are Riemann integrable 


Every continuous real-valued function on each closed bounded interval is 
Riemann integrable. 


Proof Suppose a,b € R witha < band f: [a,b] — R is a continuous function 
(thus by a standard theorem from undergraduate real analysis, f is bounded and is 
uniformly continuous). Let € > 0. Because f is uniformly continuous, there exists 
ô > 0 such that 


1.12 |f(s) — f(t)| < e for all s,t € [a,b] with |s — t| < ô. 


Let n € Z* be such that ba <6. 
Let P be the equally spaced partition a = x9, X1,...,%n = b of {a,b] with 
b-a 
n 


Xj = Xj—1 = 
for each j = 1,...,n. Then 
U(f, [a,b]) — L(f, [a,b]) < U(f, P, [a,b]) — L(F, P, [a, b]) 
a n 
-21y ( sup f— inf f) 
no E Seay Bj 
< (b — aje, 
where the first equality follows from the definitions of U(f, [a,b] ) and L(f, [a,b] ) 
and the last inequality follows from 1.12. 


We have shown that U(f, [a,b]) — L(f, [a,b]) < (b — a)e for all e > 0. Thus 
1.8 implies that L(f, [a,b]) = U(f, [a, b]). Hence f is Riemann integrable. 


An alternative notation for f - fis f i f(x) dx. Here x is a dummy variable, so 
we could also write f N f(t) dt or use another variable. This notation becomes useful 


when we want to write something like Jo x? dx instead of using function notation. 
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The next result gives a frequently used estimate for a Riemann integral. 


1.13 bounds on Riemann integral 


Suppose f : [a,b] — R is Riemann integrable. Then 


dee ries < (b—a)su 
ps vet Jsup f 


Proof Let P be the trivial partition a = xọ, x1 = b. Then 


(0-a) inf f = L(f,P,[a,b]) < Llet) = ff 


proving the first inequality in the result. 
The second inequality in the result is proved similarly and is left to the reader. 


EXERCISES 1A 


1 Suppose f: [a,b] — R is a bounded function such that 
L(f,P, [a,b]) = U(f, P, [a,b]) 
for some partition P of [a, b]. Prove that f is a constant function on [a,b]. 
2 Supposea < s < t< b. Define f: [a,b] + R by 


fa) = {1 ifs <x<t, 


0 otherwise. 


Prove that f is Riemann integrable on [a,b] and that f 2 f=t-s. 


3 Suppose f: [a,b] — R is a bounded function. Prove that f is Riemann inte- 
grable if and only if for each € > 0, there exists a partition P of [a, b] such 
that 


U(f,P, [a,b]) —L(f,P, [a,b]) < € 


4 Suppose f,g: [a,b] — R are Riemann integrable. Prove that f + g is Riemann 


integrable on [a,b] and 
futo=frefie 


5 Suppose f: [a,b] — R is Riemann integrable. Prove that the function —f is 
Riemann integrable on [a, b] and 


[fcn=-[r 
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Suppose f: [a,b] — R is Riemann integrable. Suppose g: [a,b] — Risa 
function such that g(x) = f(x) for all except finitely many x € [a,b]. Prove 
that g is Riemann integrable on {a, b] and 


b b 
ES 
a a 
Suppose f: [a,b] — R is a bounded function. For n € Zt, let P, denote the 
partition that divides [a, b] into 2” intervals of equal size. Prove that 


L(f, [a,b]) = lim L(f, Py, [a,b]) and U(f, [a,b]) = lim U(f, Pa, a, b)). 


Suppose f : [a,b] — R is Riemann integrable. Prove that 


b E n : 
[f= tim ZEY fa 9), 
a j=l 


n—-oo n 


Suppose f: [a,b] — R is Riemann integrable. Prove that if c,d € R and 
a <c <d < b, then f is Riemann integrable on |c, d]. 

[To say that f is Riemann integrable on |c,d] means that f with its domain 
restricted to |c, d| is Riemann integrable. | 


Suppose f : [a,b] — R is a bounded function and c € (a,b). Prove that f is 
Riemann integrable on |a, b] if and only if f is Riemann integrable on [a, c] and 
f is Riemann integrable on [c, b]. Furthermore, prove that if these conditions 


hold, then j R 
EE 


Suppose f : [a,b] — R is Riemann integrable. Define F: [a,b] > R by 
0 ift=a, 
F= ft. 
| f ifte (a,b). 
a 
Prove that F is continuous on [a,b]. 


Suppose f: [a,b] — R is Riemann integrable. Prove that |f| is Riemann 


integrable and that 
b b 
als [re 
a a 


Suppose f : [a,b] — R is an increasing function, meaning that c,d € [a,b] with 
c < dimplies f(c) < f(d). Prove that f is Riemann integrable on [a,b]. 


Suppose fı, f2,... is a sequence of Riemann integrable functions on [a,b] such 
that f1, fo,... converges uniformly on [a,b] to a function f : [a,b] — R. Prove 
that f is Riemann integrable and 


[fein f f 
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1B Riemann Integral Is Not Good Enough 


The Riemann integral works well enough to be taught to millions of calculus students 
around the world each year. However, the Riemann integral has several deficiencies. 
In this section, we discuss the following three issues: 


e Riemann integration does not handle functions with many discontinuities; 
e Riemann integration does not handle unbounded functions; 
e Riemann integration does not work well with limits. 


In Chapter 2, we will start to construct a theory to remedy these problems. 
We begin with the following example of a function that is not Riemann integrable. 


1.14 Example a function that is not Riemann integrable 
Define f : [0,1] + R by 


1 if x is rational, 
f(x) = 


0 if x is irrational. 
If [a,b] C [0,1] with a < b, then 


inf f =O and supf =1 

[a,b] [a,b] 
because [a,b] contains an irrational number and contains a rational number. Thus 
L(f,P,[0,1]) = 0 and U(f,P, [0,1]) = 1 for every partition P of [0,1]. Hence 
L(f,{0,1]) = 0 and U(f, [0,1]) = 1. Because L(f, [0,1]) 4 U(f,[0,1]), we 
conclude that f is not Riemann integrable. 

This example is disturbing because (as we will see later), there are far fewer 

rational numbers than irrational numbers. Thus f should, in some sense, have 
integral 0. However, the Riemann integral of f is not defined. 


Trying to apply the definition of the Riemann integral to unbounded functions 
would lead to undesirable results, as shown in the next example. 


1.15 Example Riemann integration does not work with unbounded functions 


Define f : [0,1] + R by 


Vx 


as if0<x<1, 
0 if x = 0. 


If xo, X1, . - -, Xn is a partition of [0,1], then sup f = œ. Thus if we tried to apply 
[xo, x1] 
the definition of the upper Riemann sum to f, we would have U(f, P, [0,1]) = œœ 
for every partition P of [0,1]. 
However, we should consider the area under the graph of f to be 2, not co, because 


1 
lim | f =lim(2—2Va) =2. 
a a0 


a0 
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Calculus courses deal with the previous example by defining i a dx to be 


limy\o J j a dx. If using this approach and 


1 1 


f(x) 
then we would define fo f tobe 

| 1/2 | b 

im + lim i 

a0 f f bfl J1/2 f 


However, the idea of taking Riemann integrals over subdomains and then taking 
limits can fail with more complicated functions, as shown in the next example. 


1.16 Example area seems to make sense, but Riemann integral is not defined 


Let r1,72,... be a sequence that includes each rational number in (0, 1) exactly 
once and that includes no other numbers. For k € Z*, define fp: [0,1] — R by 


== if x > rx, 


fix) = 4" 
0 if x < fk. 


Define f : [0,1] — [0, œ] by 


Because every nonempty open subinterval of [0, 1] contains a rational number, the 
function f is unbounded on every such subinterval. Thus the Riemann integral of f 
is undefined on every subinterval of [0,1] with more than one element. 

However, the area under the graph of each f; is less than 2. The formula defining 
f then shows that we should expect the area under the graph of f to be less than 2 
rather than undefined. 


The next example shows that the pointwise limit of a sequence of Riemann 
integrable functions bounded by 1 need not be Riemann integrable. 
1.17 Example Riemann integration does not work well with pointwise limits 


Let r1, r2, . . . be a sequence that includes each rational number in (0, 1] exactly 
once and that includes no other numbers. For k € Z*, define fp: [0,1] > R by 


1 ifxe pace a 
fx) = Iai 


0 otherwise. 


Then each fk is Riemann integrable and J S fk = 0, as you should verify. 
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Define f : [0,1] + R by 


1 if x is rational, 
f(x) = 


0 if x is irrational. 


Clearly 
jim fx(x) = f(x) foreach x € [0,1]. 
— 00 
However, f is not Riemann integrable (see Example 1.14) even though f is the 
pointwise limit of a sequence of integrable functions bounded by 1. 


Because analysis relies heavily upon limits, a good theory of integration should 
allow for interchange of limits and integrals, at least when the functions are appropri- 
ately bounded. Thus the previous example points out a serious deficiency in Riemann 
integration. 

Now we come to a positive result, but as we will see, even this result indicates that 
Riemann integration has some problems. 


1.18 interchanging Riemann integral and limit 


Suppose a,b, M €E R witha < b. Suppose fı, fo,... is a sequence of Riemann 
integrable functions on [a,b] such that 


Lfk(x)| < M 


for all k € Z* and all x € [a,b]. Suppose lim, fk(x) exists for each 


x € [a,b]. Define f : [a,b] + R by 
f) = lim f(x). 


If f is Riemann integrable on [a, b], then 


[f= jim [he 


The result above suffers from two problems. The first problem is the undesirable 
hypothesis that the limit function f is Riemann integrable. Ideally, that property 
would follow from the other hypotheses, but Example 1.17 shows that this need not 
be true. 

The second problem with the result 
above is that its proof seems to be more 
intricate than the proofs of other results 
involving Riemann integration. We do not 
give a proof here of the result above. A 
clean proof of a stronger result is given in 
Chapter 3, using the tools of measure theory that we develop starting with the next 
chapter. 


The difficulty in finding a simple 
Riemann-integration-based proof of 


the result above suggests that 
Riemann integration is not the ideal 
theory of integration. 
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EXERCISES 1B 


1 Define f: [0,1] — Ras follows: 


if a is irrational, 


f(a) = 


ame O 


if a is rational and n is the smallest positive integer 
such that a = ™ for some integer m. 


1 
Show that f is Riemann integrable and compute | f. 
0 


2 Suppose f: [a,b] — R is a bounded function. Prove that f is Riemann inte- 
grable if and only if 


L(—f, [a,b]) = —L(f, |a, b]). 
3 Suppose f,g: [a,b] — R are bounded functions. Prove that 


L(f, [a,b]) + L(g, |a,b]) < Lf +g, la, b]) 


and 


U(f + 8, |a,b]) < UÇ, [a,b]) + U(g, [a,b]). 


4 Give an example of bounded functions f, g: [0,1] — R such that 


L(f, [0,1]) + L(g, [0,1]) < Lf + 8, [0,1]) 


and 


U(f +8, [0,1]) < UÇ, [0,1]) + U (s, (0,1). 


5 Give an example of a sequence of continuous real-valued functions f1, f2, .- - 
on [0,1] and a continuous real-valued function f on [0,1] such that 


f(x) = lim fx (x) 
k— œ 
for each x € [0,1] but 


[E+ jim f fe 
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Chapter 2 ome 


The last section of the previous chapter discusses several deficiencies of Riemann 
integration. To remedy those deficiencies, in this chapter we extend the notion of the 
length of an interval to a larger collection of subsets of R. This leads us to measures 
and then in the next chapter to integration with respect to measures. 

We begin this chapter by investigating outer measure, which looks promising but 
fails to have a crucial property. That failure leads us to c-algebras and measurable 
spaces. Then we define measures in an abstract context that can be applied to settings 
more general than R. Next, we construct Lebesgue measure on R as our desired 
extension of the notion of the length of an interval. 


Fifth-century AD Kona ceiling mosaic in what is now a UNESCO World Heritage 
site in Ravenna, Italy. Giuseppe Vitali, who in 1905 proved result in this chapter, 
was born and grew up in Ravenna, where perhaps he saw this mosaic. Could the 
memory of the translation-invariant feature of this mosaic have suggested to Vitali 
the translation invariance that is the heart of his proof of ? 

CC-BY-SA Petar Milošević 
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2A Outer Measure on R 


Motivation and Definition of Outer Measure 


The Riemann integral arises from approximating the area under the graph of a function 
by sums of the areas of approximating rectangles. These rectangles have heights that 
approximate the values of the function on subintervals of the function’s domain. The 
width of each approximating rectangle is the length of the corresponding subinterval. 
This length is the term x; — x;_1 in the definitions of the lower and upper Riemann 
sums (see 1.3). 

To extend integration to a larger class of functions than the Riemann integrable 
functions, we will write the domain of a function as the union of subsets more 
complicated than the subintervals used in Riemann integration. We will need to 
assign a size to each of those subsets, where the size is an extension of the length of 
intervals. 

For example, we expect the size of the set (1,3) U (7,10) to be 5 (because the 
first interval has length 2, the second interval has length 3, and 2 + 3 = 5). 

Assigning a size to subsets of R that are more complicated than unions of open 
intervals becomes a nontrivial task. This chapter focuses on that task and its extension 
to other contexts. In the next chapter, we will see how to use the ideas developed in 
this chapter to create a rich theory of integration. 

We begin by giving the expected definition of the length of an open interval, along 
with a notation for that length. 


2.1 Definition length of open interval; (I 


The length (I) of an open interval I is defined by 


if I = (a,b) for some a,b € R witha < b, 


HTA 
if I = (—œ,a) or I = (a, œ) for some a € R, 
if I = (—00,00). 


Suppose A C R. The size of A should be at most the sum of the lengths of a 
sequence of open intervals whose union contains A. Taking the infimum of all such 
sums gives a reasonable definition of the size of A, denoted |A| and called the outer 
measure of A. 


2.2 Definition outer measure; |A| 


The outer measure |A| of a set A C R is defined by 


foo} co 


A inff $ (Uy) : Ti, Iz, . are open intervals such that A C |J 1}. 
k=1 = 


Section 2A Outer Measure on R 15 


The definition of outer measure involves an infinite sum. The infinite sum )°?°_, ty 
of a sequence t4, t2, ... of elements of [0, co] is defined to be oo if some tp = ©. 
Otherwise, } ¿4 tg is defined to be the limit (possibly oo) of the increasing sequence 
t1, t1 + t2, t1 + to + t3, . . . of partial sums; thus 


co n 
L tr = ey te 


2.3 Example finite sets have outer measure 0 


Suppose A = {a1,...,ay} is a finite set of real numbers. Suppose £ > 0. Define 
a sequence Ij, Íp, . . . of open intervals by 


i= (a, —€,a, +e) ifk <n, 
ema ifk>n. 


Then h, Ip,... 1s a sequence of open intervals whose union contains A. Clearly 
Lra Lk) = 2en. Hence |A| < 2en. Because e is an arbitrary positive number, this 
implies that |A| = 0. 


Good Properties of Outer Measure 


Outer measure has several nice properties that are discussed in this subsection. We 
begin with a result that improves upon the example above. 


2.4 countable sets have outer measure 0 


Every countable subset of R has outer measure 0. 


Proof Suppose A = {a1,42,...} is a countable subset of R. Let € > 0. Fork € Z+, 
let 


E È 
Iy = (a - zk” Ak } =r): 


Then H, Iz,... is a sequence of open intervals whose union contains A. Because 
œo 
L L(I) = 28, 
k=1 


we have |A| < 2e. Because e is an arbitrary positive number, this implies that 
|A| =0. 


The result above, along with the result that the set Q of rational numbers is 
countable, implies that Q has outer measure 0. We will soon show that there are far 
fewer rational numbers than real numbers (see 2.17). Thus the equation |Q| = 0 
indicates that outer measure has a good property that we want any reasonable notion 
of size to possess. 
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The next result shows that outer measure does the right thing with respect to set 
inclusion. 


2.5 outer measure preserves order 


Suppose A and B are subsets of R with A C B. Then |A| < |B]. 


Proof Suppose h, Ip,... is a sequence of open intervals whose union contains B. 
Then the union of this sequence of open intervals also contains A. Hence 


œo 


|A| < } ek). 


k=1 
Taking the infimum over all sequences of open intervals whose union contains B, we 


have |A| < |B}. 


We expect that the size of a subset of R should not change if the set is shifted to 
the right or to the left. The next definition allows us to be more precise. 


26 Definition translation; t+ A 


Ift € Rand A C R, then the translation t + A is defined by 


t+A={t+a:aeEA}. 


If t > 0, then t + A is obtained by moving the set A to the right t units on the real 
line; if £ < 0, then t + A is obtained by moving the set A to the left |t| units. 

Translation does not change the length of an open interval. Specifically, if t € R 
and a,b € [—oo,oo], then t+ (a,b) = (t+a,t +b) and thus (t + (a,b)) = 
4((a, b)). Here we are using the standard convention that t + (—0oo) = —oo and 
t+co=o. 

The next result states that translation invariance carries over to outer measure. 


Proof Suppose h, Iz,...is a sequence of open intervals whose union contains A. 
Then t + h, t + In,... is a sequence of open intervals whose union contains t + A. 
Thus 


t+ Al < Vo E+) = } Cy). 
k=1 k=1 
Taking the infimum of the last term over all sequences J4, In,... of open intervals 
whose union contains A, we have |t + A| < |A|. 
To get the inequality in the other direction, note that A = —f + (t + A). Thus 
applying the inequality from the previous paragraph, with A replaced by t + A and t 
replaced by —t, we have |A| = |—t+ (t+ A)| < |f+ A]. Hence |t + A| = |A]. 
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The union of the intervals (1,4) and (3,5) is the interval (1,5). Thus 
£((1,4)U (3,5)) < £(0,4)) + £((3,5)) 


because the left side of the inequality above equals 4 and the right side equals 5. The 
direction of the inequality above is explained by noting that the interval (3,4), which 
is the intersection of (1,4) and (3,5), has its length counted twice on the right side 
of the inequality above. 

The example of the paragraph above should provide intuition for the direction of 
the inequality in the next result. The property of satisfying the inequality in the result 
below is called countable subadditivity because it applies to sequences of subsets. 


2.8 countable subadditivity of outer measure 


Suppose A1, A,... is a sequence of subsets of R. Then 


foe} fo} 
|U Ael < Solel: 
il k=1 


Proof If |A,| = co for some k € Z+, then the inequality above clearly holds. Thus 
assume |A;| < co forall k € Z*. 

Lete > 0. For each k € Z*, let Dk lhk... be a sequence of open intervals 
whose union contains A; such that 


E 
ya 4(I ik) = oe eee e 
Thus 


2.9 ELU ik) <e+ DlA 


k=1j=1 


The doubly indexed collection of open intervals {Thx : j,k € Z*} can be rearranged 
into a sequence of open intervals whose union contains Ug; Ax as follows, where 
in step k (start with k = 2, then k = 3,4,5,...) we adjoin the k — 1 intervals whose 
indices add up to k: 


hi, hoha hz hoba he h23, 132, laa, hs, 12,4, 133, 142, [5 1,--- - 
et Ne a = 
2 3 4 5 sum of the two indices is 6 


Inequality 2.9 shows that the sum of the lengths of the intervals listed above is less 
than or equal toe + _,|Ag|. Thus lU% Axl < e +} 1|A4z]. Because e is an 
arbitrary positive number, this implies that Uči Axl < Vey |Axl- 


Countable subadditivity implies finite subadditivity, meaning that 
|A, U---UAp| < [Ail +: + lAn] 


for all A4,..., An C R, because we can take Ay, = Ø fork > n in 2.8. 
The countable subadditivity of outer measure, as proved above, adds to our list of 
nice properties enjoyed by outer measure. 
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Outer Measure of Closed Bounded Interval 


One more good property of outer measure that we should prove is that if a < b, 
then the outer measure of the closed interval [a, b] is b — a. Indeed, if ¢ > 0, then 
(a—e,b +£), Ø,Ø,... is a sequence of open intervals whose union contains [a, b]. 
Thus |[a,b]| < b — a + 2e. Because this inequality holds for all € > 0, we conclude 
that 

\[a,b]| < b — a. 


Is the inequality in the other direction obviously true to you? If so, think again, 
because a proof of the inequality in the other direction requires that the completeness 
of R is used in some form. For example, suppose R was a countable set (which is not 
true, as we will soon see, but the uncountability of R is not obvious). Then we would 
have |[a, b]| = 0 (by 2.4). Thus something deeper than you might suspect is going 
on with the ingredients needed to prove that | [a, b]| > b — a. 

The following definition will be useful when we prove that | a, b]| > b — a. 


Suppose A C R. 


e A collection C of open subsets of R is called an open cover of A if A is 
contained in the union of all the sets in C. 


e An open cover C of A is said to have a finite subcover if A is contained in 
the union of some finite list of sets in C. 


2.11 Example open covers and finite subcovers 


e The collection {(k,k +2) : k € Z*} is an open cover of [2,5] because 
[2,5] c UX (k, k +2). This open cover has a finite subcover because [2,5] C 
(1,3) U (2,4) U (3,5) U (4,6). 


e The collection {(k,k +2) : k € Z*} is an open cover of [2,00) because 
[2,00] C URy(k,k +2). This open cover does not have a finite subcover 
because there do not exist finitely many sets of the form (k, k + 2) whose union 
contains [2, œ). 


e The collection {(0,2 — t) : k € Z*} is an open cover of (1,2) because 
(1,2) c U% (0,2 — i): This open cover does not have a finite subcover 


because there do not exist finitely many sets of the form (0,2 — 1) whose union 
contains (1,2). 


The next result will be our major tool in the proof that |[a,b]| > b — a. Although 
we need only the result as stated, be sure to see Exercise 4 in this section, which 
when combined with the next result gives a characterization of the closed bounded 
subsets of R. Note that the following proof uses the completeness property of the real 
numbers (by asserting that the supremum of a certain nonempty bounded set exists). 
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2.12 Heine-Borel Theorem 


Every open cover of a closed bounded subset of R has a finite subcover. 


Proof Suppose F is a closed bounded 
subset of R and C is an open cover of F. 

First consider the case where F = 
[a, b] for some a,b € R witha < b. Thus 
C is an open cover of [a,b]. Let 


D = {d € [a,b] : [a,d] has a finite subcover from C }. 


To provide visual clues, we usually 


denote closed sets by F and open 
sets by G. 


Note that a € D (because a € G for some G € C). Thus D is not the empty set. Let 
s = sup D. 


Thus s € [a,b]. Hence there exists an open set G € C such that s € G. Let ô > 0 
be such that (s — ô,s +5) C G. Because s = sup D, there exist d € (s — d,s] and 
n € Zt and G1,..., Gn € C such that 


[a,d] C G1 U- - -U Gn. 
Now 
2.13 [a,d’] C GUG1U---U Gn 


for all d’ € [s,s + ô).Thus d’ € D for alld’ € [s,s + ô) N [a,b]. This implies that 
s = b. Furthermore, 2.13 with d’ = b shows that [a, b] has a finite subcover from C, 
completing the proof in the case where F = [a,b]. 

Now suppose F is an arbitrary closed bounded subset of R and that C is an open 
cover of F. Let a,b € R be such that F C [a,b]. Now C U {R \ F} is an open cover 
of R and hence is an open cover of [a,b] (here R \ F denotes the set complement of 
F in R). By our first case, there exist G4, . . ., Gu € C such that 


[a,b] C G1 U- -+ U Gn U (R \ F). 


Thus 
FC GU- UGn, 


completing the proof. 


Saint-Affrique, the small 
town in southern France 
where Émile Borel 
(1871—1956) was born. 
Borel first stated and 
proved what we call the 
Heine—Borel Theorem in 
1895. Earlier, Eduard 
Heine (1821—1881) and 
others had used similar 
results. 
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Now we can prove that closed intervals have the expected outer measure. 


2.14 outer measure of a closed interval 


Suppose a,b € R, with a < b. Then |[a,b]| = b — a. 


Proof See the first paragraph of this subsection for the proof that |[a,b]| < b — a. 

To prove the inequality in the other direction, suppose Ij, Ip,... is a sequence of 
open intervals such that [a,b] C U2, Ik. By the Heine-Borel Theorem (2.12), there 
exists n € Z* such that 


2.15 [a,b] C hU- -U In. 


We will now prove by induction on n that the inclusion above implies that 


2.16 


M= 


L(I) = b-a. 


= 
ll 


1 
This will then imply that Po, €(I,) > Lg (I) > b — a, completing the proof 
that |[a,b]| > b — a. 

To get started with our induction, note that 2.15 clearly implies 2.16 if n = 1. 
Now for the induction step: Suppose n > 1 and 2.15 implies 2.16 for all choices of 
a,b € R witha < b. Suppose H, ..., In, 1,41 are open intervals such that 


~ 


[a,b] C h U+ U Tn U Ingi. 


Thus b is in at least one of the intervals y,...,In, In41. By relabeling, we can 
assume that b € I,41. Suppose In41 = (c,d). If c < a, then (1,41) > b — a and 
there is nothing further to prove; thus we can assume that a < c < b < d, as shown 
in the figure below. 


In+1 
rc 
M y 
a G b d 


Hence Alice was beginning to get very tired 


[a,c] C HU- UH. of sitting by her sister on the bank, 
By our induction hypothesis, we have and of having nothing to do: onog or 
E &() > c — a. Thus twice she had peeped into the book 
k=1 = i 


her sister was reading, but it had no 
n+1 


pictures or conversations in it, “and 


2 E) 2 (e—a) + &n+1) what is the use of a book,” thought 

p = (c—a)+(d- c) Alice, ee or 
conversation: 

=d-a — opening paragraph of Alice’s 
Adventures in Wonderland, by Lewis 


2 b—a, Carroll 


completing the proof. 


The result above easily implies that the outer measure of each open interval equals 
its length (see Exercise 6). 
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The previous result has the following important corollary. You may be familiar 
with Georg Cantor’s (1845-1918) original proof of the next result. The proof using 
outer measure that is presented here gives an interesting alternative to Cantor’s proof. 


2.17 nontrivial intervals are uncountable 


Every interval in R that contains at least two distinct elements is uncountable. 


Proof Suppose I is an interval that contains a,b € R with a < b. Then 
I > [abl] =b-a>0, 


where the first inequality above holds because outer measure preserves order (see 2.5) 
and the equality above comes from 2.14. Because every countable subset of R has 
outer measure 0 (see 2.4), we can conclude that I is uncountable. 


Outer Measure is Not Additive 


We have had several results giving nice 
properties of outer measure. Now we 
come to an unpleasant property of outer 
measure. 

If outer measure were a perfect way to 
assign a Size as an extension of the lengths 
of intervals, then the outer measure of the 
union of two disjoint sets would equal the 
sum of the outer measures of the two sets. Sadly, the next result states that outer 
measure does not have this property. 

In the next section, we begin the process of getting around the next result, which 
will lead us to measure theory. 


2.18 nonadditivity of outer measure 


There exist disjoint subsets A and B of R such that 


Outer measure led to the proof 
above that R is uncountable. This 
application of outer measure to 
prove a result that seems 
unconnected with outer measure is 
an indication that outer measure has 
serious mathematical value. 


|AUB| # |A| + |B]. 


Proof Fora € [—1,1], let ã be the set of numbers in [—1, 1] that differ from a by a 
rational number. In other words, 


ã = {c € |-1,1] :a— c € Q}. 


If a,b € [-1,1] and àN b # Ø, then 
a = b. (Proof: Suppose there exists d € 
a b. Then a — d and b — d are rational 
numbers; subtracting, we conclude that 
a — b is a rational number. The equation 
a — c = (a — b) + (b — c) now implies that if c € [—1,1], then a — c is a rational 
number if and only if b — c is a rational number. In other words, = b.) 


Think of & as the equivalence class 
of a under the equivalence relation 


that declares a,c € [-1, 1] to be 
equivalent if a — c € Q. 
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Clearly a € ã for each a € [—1,1]. Thus [~1,1] = (J å. 
ac|—1,1] 
Let V be a set that contains exactly one 
element in each of the distinct sets in 


This step involves the Axiom of 
Choice, as discussed after this proof. 


{a:a€ [-1,1]}. The set V arises by choosing one 
element from each equivalence 
In other words, for every a € [-1, 1], the \class. 
set V N di has exactly one element. 
Let r1, r2, . . . be a sequence of distinct rational numbers such that 


[—2,2] NQ = {r1,12,...}. 


Then 


C 8 


Pb] eae), 


k=1 


where the set inclusion above holds because if a € [—1,1], then letting v be the 
unique element of V N ã, we have a — v € Q, which implies that a = rọ +v € 
rg + V for some k € Zt. 

The set inclusion above, the order-preserving property of outer measure (2.5), and 
the countable subadditivity of outer measure (2.8) imply 


œo 


I-11] E etv] 
k=1 
We know that |[—1,1]| = 2 (from 2.14). The translation invariance of outer measure 


(2.7) thus allows us to rewrite the inequality above as 


2< FIV]. 


Thus |V| > 0. 

Note that the sets r1 + V,r2 + V,... are disjoint. (Proof: Suppose there exists 
tE (ri +V) (rk +V). Then t = rj +01 = rk + 02 for some v1, v2 € V, which 
implies that vı — v2 = rg — rj E Q. Our construction of V now implies that v = v2, 
which implies that r; = rg, which implies that j = k.) 

Letn € Z+, Clearly 


U (rk + V) c [-3,3] 


because V C [—1,1] and each rų € [—2,2]. The set inclusion above implies that 


n 


Ulrr+v)| <6. 
k=1 


2.19 


However 


n n 
2.20 Yiln+Vl = |V| =n VI. 
k=1 k=1 
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Now 2.19 and 2.20 suggest that we choose n € Z* such that n|V| > 6. Thus 
n n 
2.21 [Um] < Z ir+vI. 
k=1 k=1 


If we had |A U B| = 1A + |B] for all disjoint subsets A, B of R, then by induction 


on n we would have | Ü Ar| = D |A;| for all disjoint subsets Aj,..., An of R. 
k=1 k=1 

However, 2.21 tells us that no such result holds. Thus there exist disjoint subsets 

A,B of R such that |A U B| Æ |A| + |B]. 


The Axiom of Choice, which belongs to set theory, states that if € is a set whose 
elements are disjoint nonempty sets, then there exists a set D that contains exactly one 
element in each set that is an element of E£. We used the Axiom of Choice to construct 
the set D that was used in the last proof. 

A small minority of mathematicians objects to the use of the Axiom of Choice. 
Thus we will keep track of where we need to use it. Even if you do not like to use the 
Axiom of Choice, the previous result warns us away from trying to prove that outer 
measure is additive (any such proof would need to contradict the Axiom of Choice, 
which is consistent with the standard axioms of set theory). 


EXERCISES 2A 


1 Prove that if A and B are subsets of R and |B| = 0, then |A U B| = |A]. 


2 Suppose A C Randt € R. LettA = {ta : a € A}. Prove that |tA| = |t| |A]. 
[Assume that 0 - œ is defined to be 0.] 


3 Prove that if A,B C Rand |A| < œ, then |B \ A| > |B| — |A]. 


4 Suppose F is a subset of R with the property that every open cover of F has a 
finite subcover. Prove that F is closed and bounded. 


5 Suppose A is a set of closed subsets of R such that pe 4 F = Ø. Prove that if A 
contains at least one bounded set, then there exist n € Zt and F,,...,F, € A 
such that FA 1---OF, = Ø. 


6 Prove that if a,b € Randa < b, then 
|(4,b)| = |[a,b)| = |(4,b]| = b — a. 
7 Suppose a,b,c,d are real numbers with a < b and c < d. Prove that 
|(a,b) U (c,d)| = (b — a) + (d — c) if and only if (a,b) (c,d) = Ø. 
8 Prove thatif A C Randt > 0,then|A| = |AN(—#,t)| +|ANM(R\ (-t,#))|- 
9 Prove that |A| = lim |A N (—t,t)| for all A C R. 


12 


13 


14 
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Prove that |{0,1] \ Q| = 1. 


Prove that if I, In,... is a disjoint sequence of open intervals, then 


[Ute] = 35 eC. 
k=1 


k=1 


Suppose r1,72,... is a sequence that contains every rational number. Let 


(a) 
(b) 


(c) 


F=R\U (r= ret) 


Show that F is a closed subset of R. 


Prove that if I is an interval contained in F, then I contains at most one 
element. 


Prove that |F| = oo. 


Suppose £ > 0. Prove that there exists a subset F of [0,1] such that F is closed, 
every element of F is an irrational number, and |F| > 1 — e. 


Consider the following figure, which is drawn accurately to scale. 


(a) 


2 5 8 11 14 17 20 


Show that the right triangle whose vertices are (0, 0), (20, 0), and (20,9) 
has area 90. 

[We have not defined area yet, but just use the elementary formulas for the 
areas of triangles and rectangles that you learned long ago.] 

Show that the yellow (lower) right triangle has area 27.5. 

Show that the red rectangle has area 45. 

Show that the blue (upper) right triangle has area 18. 

Add the results of parts (b), (c), and (d), showing that the area of the colored 
region is 90.5. 

Seeing the figure above, most people expect parts (a) and (e) to have the 
same result. Yet in part (a) we found area 90, and in part (e) we found area 
90.5. Explain why these results differ. 

[You may be tempted to think that what we have here is a two-dimensional 
example similar to the result about the nonadditivity of outer measure 
(2.18). However, genuine examples of nonadditivity require much more 
complicated sets than in this example. | 
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2B Measurable Spaces and Functions 


The last result in the previous section showed that outer measure is not additive. 
Could this disappointing result perhaps be fixed by using some notion other than 
outer measure for the size of a subset of R? The next result answers this question by 
showing that there does not exist a notion of size, called the Greek letter mu (j/) in 
the result below, that has all the desirable properties. 

Property (c) in the result below is called countable additivity. Countable additivity 
is a highly desirable property because we want to be able to prove theorems about 
limits (the heart of analysis!), which requires countable additivity. 


2.22 nonexistence of extension of length to all subsets of R 


There does not exist a function y with all the following properties: 


(a) jis a function from the set of subsets of R to (0, oo]. 


(b) (I) = (I) for every open interval I of R. 


(c) u( U Ax) = }_ p(Ax) for every disjoint sequence A1, Az,... of subsets 
k=l k=1 
of R. 


(d) u(t + A) = u(A) for every A C R and every t € R. 


Proof Suppose there exists a function 4 
with all the properties listed in the state- 
ment of this result. 

Observe that yu(Ø) = 0, as follows 
from (b) because the empty set is an open interval with length 0. 

If AC BCR, then (A) < p(B), as follows from (c) because we can write B 
as the union of the disjoint sequence A, B \ A, Ø, Ø, . . . ; thus 


We will show that u has all the 
properties of outer measure that 


were used in the proof of 2.18. 


u(B) = w(A)+u(B\ A) +0+0+---=pu(A)+p(B\ A) > uA). 


If a,b € R witha < b, then (a,b) C [a,b] C (a—e€,b + €) for every e > 0. 
Thus b — a < p({a,b]) < b—a + 2e for every e > 0. Hence p({a,b]) = b — a. 

If A1, A2, . . . is a sequence of subsets of R, then Ay, A2 \ A1, A3 \ (41 U A2),... 
is a disjoint sequence of subsets of R whose union is U4 Ax. Thus 


n(U At) = p( A1 U (A2\ Ar) U (A3 \ (Ar U Ag) U + ) 
k=1 

> u(Aı) + u (Az \ 41) + u (A3 \ (Ay U A2)) eva 

Š E uli), 

k=1 


where the second equality follows from the countable additivity of p. 
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We have shown that y has all the properties of outer measure that were used 
in the proof of 2.18. Repeating the proof of 2.18, we see that there exist disjoint 
subsets A, B of R such that u(A UB) Æ (A) + p(B). Thus the disjoint sequence 
A, B,@,@,... does not satisfy the countable additivity property required by (c). This 
contradiction completes the proof. 


o-Algebras 


The last result shows that we need to give up one of the desirable properties in our 
goal of extending the notion of size from intervals to more general subsets of R. We 
cannot give up 2.22(b) because the size of an interval needs to be its length. We 
cannot give up 2.22(c) because countable additivity is needed to prove theorems 
about limits. We cannot give up 2.22(d) because a size that is not translation invariant 
does not satisfy our intuitive notion of size as a generalization of length. 

Thus we are forced to relax the requirement in 2.22(a) that the size is defined for 
all subsets of R. Experience shows that to have a viable theory that allows for taking 
limits, the collection of subsets for which the size is defined should be closed under 
complementation and closed under countable unions. Thus we make the following 
definition. 


2.23 Definition c-algebra 


Suppose X is a set and S is a set of subsets of X. Then S is called a o-algebra 
on X if the following three conditions are satisfied: 


eOeEeS; 


e if E € S, then X \E €S; 


[ee] 
e if E4, E2, .. . is a sequence of elements of S, then U EES. 
k=1 


Make sure you verify that the examples in all three bullet points below are indeed 
g-algebras. The verification is obvious for the first two bullet points. For the third 
bullet point, you need to use the result that the countable union of countable sets 
is countable (see the proof of 2.8 for an example of how a doubly indexed list can 
be converted to a singly indexed sequence). The exercises contain some additional 
examples of a-algebras. 


2.24 Example o-algebras 


e Suppose X is a set. Then clearly {Ø, X} is a c-algebra on X. 
e Suppose X is a set. Then clearly the set of all subsets of X is a g-algebra on X. 


e Suppose X is a set. Then the set of all subsets E of X such that E is countable or 
X \ E is countable is a -algebra on X. 
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Now we come to some easy but important properties of 7-algebras. 


2.25 -algebras are closed under countable intersection 
Suppose S is a -algebra on a set X. Then 


(a) X ES; 


(b) if D,E € S, then DUE € Sand DQE € SandD\E€S; 


[oe] 
(c) if E4, E2, .. . is a sequence of elements of S, then () EES. 
k=] 


Proof Because Ø € S and X = X \ @, the first two bullet points in the definition 
of -algebra (2.23) imply that X € S, proving (a). 

Suppose D,E € S. Then D U E is the union of the sequence D, E,©,@,... of 
elements of S. Thus the third bullet point in the definition of -algebra (2.23) implies 
that DUE € S. 

De Morgan’s Laws tell us that 


X\ (DNE) = (X\D)U(X\ E). 


If D,E € S, then the right side of the equation above is in S; hence X \ (DME) € S; 
thus the complement in X of X \ (DM E) is in S; in other words, DME € S. 
Because D\\E = DM (X \ E), we see that if D,E € S, then D\E € S, 
completing the proof of (b). 
Finally, suppose E4, Ez,... is a sequence of elements of S. De Morgan’s Laws 
tell us that 


foe) 


X\ N Ep = |] (X Be). 


k=1 k=1 


The right side of the equation above is in S. Hence the left side is in S, which implies 
that X \ (X \ Ng Ex) € S. In other words, N% 4 Ex € S, proving (c). 


The word measurable is used in the terminology below because in the next section 
we introduce a size function, called a measure, defined on measurable sets. 


2.26 Definition measurable space; measurable set 


e A measurable space is an ordered pair (X, S), where X is a set and S is a 


-algebra on X. 


e An element of S is called an S-measurable set, or just a measurable set if S 
is clear from the context. 


For example, if X = R and S is the set of all subsets of R that are countable or 
have a countable complement, then the set of rational numbers is S-measurable but 
the set of positive real numbers is not S-measurable. 
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Borel Subsets of R 


The next result guarantees that there is a smallest c-algebra on a set X containing a 
given set A of subsets of X. 


2.27 smallest o-algebra containing a collection of subsets 


Suppose X is a set and A is a set of subsets of X. Then the intersection of all 
g-algebras on X that contain A is a v-algebra on X. 


Proof There is at least one g-algebra on X that contains A because the o-algebra 
consisting of all subsets of X contains A. 

Let S be the intersection of all -algebras on X that contain A. Then Ø € S 
because Ø is an element of each -algebra on X that contains A. 

Suppose E € S. Thus E is in every -algebra on X that contains A. Thus X \ E 
is in every v-algebra on X that contains A. Hence X \ E € S. 

Suppose E4, E7, . . . is a sequence of elements of S. Thus each Eù is in every o- 
algebra on X that contains A. Thus U£; E; is in every o-algebra on X that contains 
A. Hence U£ Ex € S, which completes the proof that S is a v-algebra on X. 


Using the terminology smallest for the intersection of all o-algebras that contain 
a set A of subsets of X makes sense because the intersection of those o-algebras is 
contained in every o-algebra that contains A. 


2.28 Example smallest c-algebra 


e Suppose X is a set and A is the set of subsets of X that consist of exactly one 
element: 


A= {{x}: xe X}. 


Then the smallest c-algebra on X containing A is the set of all subsets E of X 
such that E is countable or X \ E is countable, as you should verify. 


Suppose A = {(0,1),(0,00)}. Then the smallest c-algebra on R containing 
Ais {Ø, (0,1), (0,00), (—œ,0] U [1, œ), (—e0, 0], [1, œ), (—00, 1), R}, as you 
should verify. 


Now we come to a crucial definition. 


2.29 Definition Borel set 


The smallest -algebra on R containing all open subsets of R is called the 


collection of Borel subsets of R. An element of this -algebra is called a Borel 
set. 


We have defined the collection of Borel subsets of R to be the smallest o-algebra 
on R containing all the open subsets of R. We could have defined the collection of 
Borel subsets of R to be the smallest c-algebra on R containing all the open intervals 
(because every open subset of R is the union of a sequence of open intervals). 
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2.30 Example Borel sets 


e Every closed subset of R is a Borel set because every closed subset of R is the 
complement of an open subset of R. 


e Every countable subset of R is a Borel set because if B = {x 1,x,...}, then 
B = U% {xz}, which is a Borel set because each {xz} is a closed set. 


e Every half-open interval |a, b) (where a,b € R) is a Borel set because [a,b) = 
Nela — b). 


e If f: R — R is a function, then the set of points at which f is continuous is the 
intersection of a sequence of open sets (see Exercise 12 in this section) and thus 
is a Borel set. 


The intersection of every sequence of open subsets of R is a Borel set. However, 
the set of all such intersections is not the set of Borel sets (because it is not closed 
under countable unions). The set of all countable unions of countable intersections 
of open subsets of R is also not the set of Borel sets (because it is not closed under 
countable intersections). And so on ad infinitum—there is no finite procedure involv- 
ing countable unions, countable intersections, and complements for constructing the 
collection of Borel sets. 

We will see later that there exist subsets of R that are not Borel sets. However, any 
subset of R that you can write down in a concrete fashion is a Borel set. 


Inverse Images 


The next definition is used frequently in the rest of this chapter. 


2.31 Definition inverse image; fT! (A) 


If f: X — Y is a function and A C Y, then the set fT! (A) is defined by 


ANEREN f(a) e Al. 


2.32 Example inverse images 


Suppose f : [0,47t] — R is defined by f(x) = sin x. Then 
f—1((0,1]) = [0, 7] U [27,37] U {471}, 
eh 

(2,3) 


as you should verify. 
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Inverse images have good algebraic properties, as is shown in the next two results. 


2.33 algebra of inverse images 

Suppose f: X — Y is a function. Then 

(a) fi \ A) = X \ fF (A) for every A C Y; 

(b) f H(Uaea A) = Uaes f(A) for every set A of subsets of Y; 


(c) f (Maes A) = Naca f(A) for every set A of subsets of Y. 


Proof Suppose A C Y. For x € X we have 
xef HY\A) = f(x)eY\A 
= F(x) EA 
= x¢ f(A) 
=> xe X\ fA). 
Thus f~!(Y \ A) = X \ FTT (A), which proves (a). 
To prove (b), suppose A is a set of subsets of Y. Then 


xef (UU A) = f(x)e UA 


AcA AcA 
<=> f(x) € A for some A € A 
<> x € f 1(A) for some A € A 
< xe U FA). 
ACA 


Thus f~!(Uae4 A) = Uses f 1 (A), which proves (b). 
Part (c) is proved in the same fashion as (b), with unions replaced by intersections 
and for some replaced by for every. 


2.34 inverse image of a composition 


Suppose f: X — Y and g: Y — W are functions. Then 


(go f) (A) = f (87 (A)) 


for every A C W. 


Proof Suppose A C W. For x € X we have 
x€(gof) (A) = (gof)(x) eA => g(f(x)) EA 
<> f(x) eg (A) 
<> x€ f(g (A)). 
Thus (g o f)“ (A) = f~ (37+ (A)). 
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Measurable Functions 


The next definition tells us which real-valued functions behave reasonably with 
respect to a g-algebra on their domain. 


Definition 


Suppose (X,S) is a measurable space. A function f: X — R is called 
S-measurable (or just measurable if S is clear from the context) if 


J Ges 


for every Borel set B C R. 


2.36 Example measurable functions 
e If S = {Ø, X}, then the only S-measurable functions from X to R are the 
constant functions. 


e If S is the set of all subsets of X, then every function from X to R is S- 
measurable. 


e If S = {Ø, (—co,0), (0,00), R} (which is a -algebra on R), then a function 
f: R —> R is S-measurable if and only if f is constant on (—oo,0) and f is 
constant on [0, œ). 


Another class of examples comes from characteristic functions, which are defined 
below. The Greek letter chi (x) is traditionally used to denote a characteristic function. 


Suppose E is a subset of a set X. The characteristic function of E is the function 


a- 1 ifx€EE, 
O E. 


Xg: X > R defined by 


The set X that contains E is not explicitly included in the notation x,, because X will 
always be clear from the context. 


2.38 Example inverse image with respect to a characteristic function 


Suppose (X, S) is a measurable space, E C X, and B C R. Then 


E if0 ¢ B and1 € B, 
X\E if0 € Band1 ¢B, 
X if0 € B and1 € B, 
@ if0 ¢ Band1 ¢ B. 


xX, '(B) = 


Thus we see that x, is an S-measurable function if and only if E € S. 
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The definition of an S-measurable 
function requires the inverse image 
of every Borel subset of R to be in 
S. The next result shows that to ver- -1 ian . 
ify that a function is S-measurable, f (2, e G a Fel = a} 
we can check the inverse images of 
a much smaller collection of subsets 
of R. 


Note that if f : X — R is a function and 
a € R, then 


2.39 condition for measurable function 


Suppose (X, S) is a measurable space and f : X — R is a function such that 


Fleas 


for alla € R. Then f is an S-measurable function. 


Proof Let 
T={ACR:fH{A)E S}. 


We want to show that every Borel subset of R is in 7. To do this, we will first show 
that 7 is a -algebra on R. 

Certainly Ø € T, because f-'(©) = Ø € S. 

If A € T, then f—!(A) € S; hence 


fU(R\A)=X\ f(A) es 


by 2.33(a), and thus R \ A € T. In other words, 7 is closed under complementation. 
If A1, Az,... € T, then f—!(A1), f-!(Az),... € S; hence 


F 
k 


by 2.33(b), and thus U24 Ag € T. In other words, 7 is closed under countable 
unions. Thus 7 is a g-algebra on R. 

By hypothesis, 7 contains {(a,œ) : a € R}. Because 7 is closed under 
complementation, 7 also contains {(—oo,b] : b € R}. Because the g-algebra T is 
closed under finite intersections (by 2.25), we see that 7 contains { (a, b] : a,b € R}. 
Because (a,b) = Ug, (a,b — }] and (—00,b) = Uy (—k, b — }] and T is closed 
under countable unions, we can conclude that 7 contains every open subset of R. 

Thus the g-algebra 7 contains the smallest -algebra on R that contains all open 
subsets of R. In other words, 7 contains every Borel subset of R. Thus f is an 
S-measurable function. 


œo 


Ar) = U fan € 
1 k=1 


In the result above, we could replace the collection of sets {(a,œ) : a € R} 
by any collection of subsets of R such that the smallest o-algebra containing that 
collection contains the Borel subsets of R. For specific examples of such collections 
of subsets of R, see Exercises 3—6. 
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We have been dealing with S-measurable functions from X to R in the context 
of an arbitrary set X and a o-algebra S on X. An important special case of this 
setup is when X is a Borel subset of R and S is the set of Borel subsets of R that are 
contained in X (see Exercise 11 for another way of thinking about this a-algebra). In 
this special case, the S-measurable functions are called Borel measurable. 


2.40 Definition Borel measurable function 


Suppose X C R. A function f: X — R is called Borel measurable if f—!(B) is 
a Borel set for every Borel set B C R. 


If X C R and there exists a Borel measurable function f : X — R, then X must 
be a Borel set [because X = f—!(R)]. 

If X C Rand f: X > R is a function, then f is a Borel measurable function if 
and only if f~!((a,00)) is a Borel set for every a € R (use 2.39). 

Suppose X is a set and f: X — R is a function. The measurability of f depends 
upon the choice of a -algebra on X. If the -algebra is called S, then we can discuss 
whether f is an S-measurable function. If X is a Borel subset of R, then S might 
be the set of Borel sets contained in X, in which case the phrase Borel measurable 
means the same as S-measurable. However, whether or not S is a collection of Borel 
sets, we consider inverse images of Borel subsets of R when determining whether a 
function is S-measurable. 

The next result states that continuity interacts well with the notion of Borel 
measurability. 


2.41 every continuous function is Borel measurable 


Every continuous real-valued function defined on a Borel subset of R is a Borel 
measurable function. 


Proof Suppose X C R is a Borel set and f: X — R is continuous. To prove that f 
is Borel measurable, fix a € R. 

If x € X and f(x) > a, then (by the continuity of f) there exists dy > 0 such that 
f(y) > a forall y € (x — ôx, x + dx) N X. Thus 


f-*((a,00)) = ( U (x — ôr x +6x)) NX. 
xef- ((a,00)) 


The union inside the large parentheses above is an open subset of R; hence its 
intersection with X is a Borel set. Thus we can conclude that f—! ((a, co)) is a Borel 
set. 

Now 2.39 implies that f is a Borel measurable function. 


Next we come to another class of Borel measurable functions. A similar definition 
could be made for decreasing functions, with a corresponding similar result. 
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Definition increasing function 


Suppose X C R and f : X — R is a function. 


e f is called increasing if f(x) < f(y) for all x,y € X with x < y. 


e fis called strictly increasing if f(x) < f(y) for all x,y € X with x < y. 


Proof Suppose X C R is a Borel set and f: X — R is increasing. To prove that f 
is Borel measurable, fixa € R. 
Let b = inf f~! ( (a, œ0)). Then it is easy to see that 


f-*((a,00)) = (bœ) NX or f-'((a,00)) = [b,œ)N X. 


Either way, we can conclude that f~!((a,00)) is a Borel set. 
Now 2.39 implies that f is a Borel measurable function. 


The next result shows that measurability interacts well with composition. 


2.44 composition of measurable functions 


Suppose (X, S) is a measurable space and f: X — R is an S-measurable 


function. Suppose g is a real-valued Borel measurable function defined on a 
subset of R that includes the range of f. Then go f: X — R is an S-measurable 
function. 


Proof Suppose B C R is a Borel set. Then (see 2.34) 
(go f) (B) = f-*(g"*(B)). 


Because g is a Borel measurable function, g7! (B) is a Borel subset of R. Because f 
is an S-measurable function, f-!(g~!(B)) € S. Thus the equation above implies 


that (g o f)~1(B) € S. Thus g o f is an S-measurable function. 


2.45 Example iff is measurable, then so are —f, if, Ifl, f 


Suppose (X, S) is a measurable space and f : X — R is S-measurable. Then 2.44 
implies that the functions —f, 5 f, |f|, f? are all S-measurable functions because 
each of these functions can be written as the composition of f with a continuous (and 
thus Borel measurable) function g. 

Specifically, take g(x) = —x, then g(x) = 4x, then g(x) = |x 


g(x) =x, 


, and then 
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Measurability also interacts well with algebraic operations, as shown in the next 
result. 


2.46 algebraic operations with measurable functions 


Suppose (X, S) is a measurable space and f, g: X — R are S-measurable. Then 


(a) f +g, f —g, and fg are S-measurable functions; 


(b) if g(x) #0 for all x € X, then f is an S-measurable function. 


Proof Suppose a € R. We will show that 


247 (f +g)1((ae)) = U (F (0 æ)) ng (la -r ))), 


reQ 


which implies that (f + g)~1((a,c0)) € S. 
To prove 2.47, first suppose 


x € (f +g)"'((a,0)). 


Thus a < f(x) + g(x). Hence the open interval (a — g(x), f(x)) is nonempty, and 
thus it contains some rational number r. This implies that r < f(x), which means 
that x € f7! ((r,00)), and a — g(x) < r, which implies that x € g~!((a—1,00)). 
Thus x is an element of the right side of 2.47, completing the proof that the left side 
of 2.47 is contained in the right side. 

The proof of the inclusion in the other direction is easier. Specifically, suppose 
x € f-1((r,00)) Ng-+((a —1,00)) for some r € Q. Thus 


r<f(x) and a-r < g(x). 


Adding these two inequalities, we see thata < f(x) + g(x). Thus x is an element of 
the left side of 2.47, completing the proof of 2.47. Hence f + g is an S-measurable 
function. 

Example 2.45 tells us that —g is an S-measurable function. Thus T= g, which 
equals f + (—g) is an S-measurable function. 

The easiest way to prove that fg is an S-measurable function uses the equation 


F+- Pg 
; , 


fg = 


The operation of squaring an S-measurable function produces an S-measurable 
function (see Example 2.45), as does the operation of multiplication by 5 (again, see 
Example 2.45). Thus the equation above implies that f g is an S-measurable function, 
completing the proof of (a). 

Suppose g(x) Æ 0 for all x € X. The function defined on R \ {0} (a Borel subset 
of R) that takes x to 1 is continuous and thus is a Borel measurable function (by 
2.41). Now 2.44 implies that 1 is an S-measurable function. Combining this result 
with what we have already proved about the product of S-measurable functions, we 
conclude that £ is an S-measurable function, proving (b). 
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The next result shows that the pointwise limit of a sequence of S-measurable 
functions is S-measurable. This is a highly desirable property (recall that the set of 
Riemann integrable functions on some interval is not closed under taking pointwise 
limits; see Example 1.17). 


2.48 limit of S-measurable functions 


Suppose (X,S) is a measurable space and fj, f2,... is a sequence of 
S-measurable functions from X to R. Suppose limz 5.5 f(x) exists for each 
x € X. Define f: X — R by 


f(x) = lim fe(2). 


Then f is an S-measurable function. 


Proof Suppose a € R. We will show that 


== -1 1 
2.49 f(a.) = U U N fe (a+ 4,0), 
j=1 m=1 k=m 
which implies that f~! ((a,œ)) € S. 

To prove 2.49, first suppose x € f—! ((a, 00)). Thus there exists į € Z* such that 
ix) > at i: The definition of limit now implies that there exists m € Z* such 
that f(x) > a+ ij for all k > m. Thus x is in the right side of 2.49, proving that the 
left side of 2.49 is contained in the right side. 

To prove the inclusion in the other direction, suppose x is in the right side of 2.49. 
Thus there exist jm € Z* such that f(x) > a+ i for all k > m. Taking the 
limit as k — 00, we see that f(x) > a + 4 > a. Thus x is in the left side of 2.49, 
completing the proof of 2.49. Thus f is an S-measurable function. 


Occasionally we need to consider functions that take values in [—o0o,00]. For 
example, even if we start with a sequence of real-valued functions in 2.53, we might 
end up with functions with values in [— œ, co]. Thus we extend the notion of Borel 
sets to subsets of [—co, œ], as follows. 


2.50 Definition Borel subsets of |— oo, œœ] 


A subset of [— œ, co] is called a Borel set if its intersection with R is a Borel set. 


In other words, a set C C [—œ, 00] is a Borel set if and only if there exists 
a Borel set B C R such that C = B or C = BU{o} or C = BU {—o0} or 
C = BU {œ, —ov}. 

You should verify that with the definition above, the set of Borel subsets of 
[—09, co] is a v-algebra on [—o0, oo]. 

Next, we extend the definition of S-measurable functions to functions taking 
values in [—00, 00]. 
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2.51 Definition measurable function 


Suppose (X, S) is a measurable space. A function f: X — [—09, 00] is called 


S-measurable if 


Po Ges 


for every Borel set B C [—co, oo]. 


The next result, which is analogous to 2.39, states that we need not consider all 
Borel subsets of [—00, co] when taking inverse images to determine whether or not a 
function with values in [—o, co] is S-measurable. 


2.52 condition for measurable function 
Suppose (X, S) is a measurable space and f : X —> [—co, oo] is a function such 


that 
f(a ]) ES 


for all a € R. Then f is an S-measurable function. 


The proof of the result above is left to the reader (also see Exercise 27 in this 
section). 

We end this section by showing that the pointwise infimum and pointwise supre- 
mum of a sequence of S-measurable functions is S-measurable. 


2.53 infimum and supremum of a sequence of S-measurable functions 


Suppose (X,S) is a measurable space and fi, f2,... is a sequence of 
S-measurable functions from X to [—00, 00]. Define g,h: X — [— o, œ] by 


g(x) =inf{f,(x):kE Zt} and h(x) = sup{f(x):k € Z. 


Then g and h are S-measurable functions. 


Proof Leta € R. The definition of the supremum implies that 


h-((a,00]) = UJ fe *((a,00}), 
k=1 


as you should verify. The equation above, along with 2.52, implies that h is an 
S-measurable function. 
Note that 


g(x) = —sup{—fi(x) : k € Z*} 
for all x € X. Thus the result about the supremum implies that g is an S-measurable 
function. 
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EXERCISES 2B 


10 


11 


12 


13 


Show that S = {Unex(n,n +1]: K C Zy} is a c-algebra on R. 
Verify both bullet points in Example 2.28. 


Suppose S is the smallest g-algebra on R containing {(r,s] : r,s € Q}. Prove 
that S is the collection of Borel subsets of R. 


Suppose S is the smallest -algebra on R containing {(r,n]:r € Q,n € Z}. 
Prove that S is the collection of Borel subsets of R. 


Suppose S is the smallest g-algebra on R containing {(r,r +1) : r € Q}. 
Prove that S is the collection of Borel subsets of R. 


Suppose S is the smallest v-algebra on R containing 4 |r, œ) : r € Q}. Prove 
that S is the collection of Borel subsets of R. 


Prove that the collection of Borel subsets of R is translation invariant. More 
precisely, prove that if B C R is a Borel set and t € R, then t + B is a Borel set. 


Prove that the collection of Borel subsets of R is dilation invariant. More 
precisely, prove that if B C R is a Borel set and t € R, then tB (which is 
defined to be {tb : b € B} is a Borel set. 


Give an example of a measurable space (X, S) and a function f: X — R such 
that |f| is S-measurable but f is not S-measurable. 


Show that the set of real numbers that have a decimal expansion with the digit 5 
appearing infinitely often is a Borel set. 


Suppose T is a -algebra ona set Y and X € T. Let S = {EET:EC X}. 


(a) Show that S = {FAX: FET}. 
(b) Show that S is a c-algebra on X. 


Suppose f : R — R is a function. 


(a) Fork € Z*, let 


Gk = {a E R : there exists 6 > 0 such that | f(b) — f(c)| < 1 
for all b,c € (a — ô,a + ô) }. 


Prove that Gx is an open subset of R for each k € Z*. 
(b) Prove that the set of points at which f is continuous equals N4 Gx. 


(c) Conclude that the set of points at which f is continuous is a Borel set. 


Suppose (X, S) is a measurable space, E4, . . . , En are disjoint subsets of X, and 
C1,...,Cy are distinct nonzero real numbers. Prove that C1Xp, Trt enX, is 
an S-measurable function if and only if E1,..., En € S. 
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16 


17 


18 


19 


20 


21 
22 


Section 2B Measurable Spaces and Functions 39 


(a) Suppose fi, f2,... is a sequence of functions from a set X to R. Explain 
why 


{x € X : the sequence f; (x), fo(x),... has a limit in R} 


co wo œ 


=I Gah) (egal): 


n=1 j=1k=j 


(b) Suppose (X, S) is a measurable space and fi, fo,... is a sequence of S- 
measurable functions from X to R. Prove that 


{x € X : the sequence fı (x), fo(x),... has a limit in R} 


is an S-measurable subset of X. 


Suppose X is a set and E4, E,... is a disjoint sequence of subsets of X such 
that UX] Ey = X. Let S = {Urek Ek : K C Zh. 
(a) Show that S is a g-algebra on X. 


(b) Prove that a function from X to R is S-measurable if and only if the function 
is constant on Eç for every k € Z*. 


Suppose S is a -algebra on a set X and A C X. Let 
Sa ={EES:ACEoxANE=Ø}. 


(a) Prove that S4 is a -algebra on X. 


(b) Suppose f: X — R is a function. Prove that f is measurable with respect 
to S4 if and only if f is measurable with respect to S and f is constant 
on A. 


Suppose X is a Borel subset of R and f: X — R is a function such that 
{x € X : f is not continuous at x} is a countable set. Prove f is a Borel 
measurable function. 


Suppose f: R — R is differentiable at every element of R. Prove that f’ is a 
Borel measurable function from R to R. 


Suppose X is a nonempty set and S is the -algebra on X consisting of all 
subsets of X that are either countable or have a countable complement in X. 
Give a characterization of the S-measurable real-valued functions on X. 


Suppose (X, S) is a measurable space and f,g: X — R are S-measurable 
functions. Prove that if f(x) > 0 for all x € X, then f8 (which is the function 
whose value at x € X equals f (x)8(*)) is an S-measurable function. 


Prove 2.52. 


Suppose B C R and f: B — R is an increasing function. Prove that f is 
continuous at every element of B except for a countable subset of B. 
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Suppose f: R — R is a strictly increasing function. Prove that the inverse 
function f—!: f(R) — R is a continuous function. 
[Note that this exercise does not have as a hypothesis that f is continuous. | 


Suppose B C R is a Borel set and f: B — R is an increasing function. Prove 
that f(B) is a Borel set. 


Suppose B C R and f : B — Ris an increasing function. Prove that there exists 
a sequence fi, f2,... of strictly increasing functions from B to R such that 


f(x) = lim f(x) 


k- 00 
for every x € B. 


Suppose B C R and f: B — R is a bounded increasing function. Prove that 
there exists an increasing function g: R — R such that g(x) = f(x) for all 
xe B: 


Prove or give a counterexample: If (X,S) is a measurable space and 
f: X > [—09, 009] 


is a function such that f-!((a,co)) € S for every a € R, then f is an 
S-measurable function. 


Suppose f : B — R is a Borel measurable function. Define g: R —> R by 


= | FR) ifx€B, 
a= fh if x € R\ B. 


Prove that g is a Borel measurable function. 


Give an example of a measurable space (X, S) and a family {ft}rer such 
that each f; is an S-measurable function from X to [0,1], but the function 
f: X — [0,1] defined by 


f(x) = sup{fi(x) :t € R} 


is not S-measurable. 
[Compare this exercise to 2.53, where the index set is Z* rather than R.] 


Show that 


lim (Jim (cos(j!7x))*) = 


j>% \k- 00 


1 if x is rational, 
0 if x is irrational 


for every x € R. 
[This example is due to Henri Lebesgue. | 
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2C Measures and Their Properties 


Definition and Examples of Measures 


The original motivation for the next definition came from trying to extend the notion 
of the length of an interval. However, the definition below allows us to discuss size 
in many more contexts. For example, we will see later that the area of a set in the 
plane or the volume of a set in higher dimensions fits into this structure. The word 
measure allows us to use a single word instead of repeating theorems for length, area, 
and volume. 


2.54 Definition measure 


Suppose X is a set and S is a c-algebra on X. A measure on (X, S) is a function 
u: S — [0,00] such that p(@) = 0 and 


„(U Ex) = 2 (Ex) 


for every disjoint sequence E4, E2, . . . of sets in S. 


The countable additivity that forms the key 
part of the definition above allows us to prove 
good limit theorems. Note that countable ad- 
ditivity implies finite additivity: if is a mea- 
sure on (X,S) and F1,...,E, are disjoint 
sets in S, then 


In the mathematical literature, 
sometimes a measure on (X, S) 
is just called a measure on X if 
the o-algebra S is clear from 
the context. 


The concept of a measure, as 


p(E, U- ++ U En) = y(E1) +--+ + u(En), 


as follows from applying the equation 
u(©) = 0 and countable additivity to the dis- 
joint sequence Fj,...,En,©,@,... of sets 


defined here, is sometimes called 
a positive measure (although the 
Phrase nonnegative measure 
would be more accurate). 


in S. 
2.55 Example measures 


e If X is a set, then counting measure is the measure y defined on the o-algebra 
of all subsets of X by setting u(E) = n if E is a finite set containing exactly n 
elements and u(E) = œ if E is not a finite set. 


Suppose X is a set, S is a -algebra on X, and c € X. Define the Dirac measure 
ô- on (X, S) by 

ifc € E, 

0 ifc¢E. 

This measure is named in honor of mathematician and physicist Paul Dirac (1902- 


1984), who won the Nobel Prize for Physics in 1933 for his work combining 
relativity and quantum mechanics at the atomic level. 
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Suppose X is a set, S is a -algebra on X, and w: X — [0,00] is a function. 
Define a measure y on (X, S) by 


H(E) = } w(x) 


xEE 


for E € S. [Here the sum is defined as the supremum of all finite subsums 
Lxep w(x) as D ranges over all finite subsets of E.] 


Suppose X is a set and S is the g-algebra on X consisting of all subsets of X 
that are either countable or have a countable complement in X. Define a measure 
pon (X, S) by 


u(E) = 


0 if Eis countable, 
3 if Eis uncountable. 


Suppose S is the -algebra on R consisting of all subsets of R. Then the function 
that takes a set E C R to |E| (the outer measure of E) is not a measure because 
itis not finitely additive (see 2.18). 


Suppose B is the g-algebra on R consisting of all Borel subsets of R. We will 
see in the next section that outer measure is a measure on (R, 8). 


The following terminology is frequently useful. 


2.56 Definition measure space 


A measure space is an ordered triple (X, S, u), where X is a set, S is a g-algebra 
on X, and y is a measure on (X, S). 


Properties of Measures 


The hypothesis that u(D) < œ is needed in part (b) of the next result to avoid 
undefined expressions of the form œ — oo, 


2.57 measure preserves order; measure of a set difference 


Suppose (X, S, }1) is a measure space and D,E € S are such that D C E. Then 


(a) u(D) < H(E): 
(b) u(E\ D) = u(E) — u(D) provided that u(D) < œ. 


Proof Because E = DU (E \ D) and this is a disjoint union, we have 


u(E) = w(D) + (E \ D) = p(D), 


which proves (a). If u(D) < œ, then subtracting u(D) from both sides of the 
equation above proves (b). 
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The countable additivity property of measures applies to disjoint countable unions. 
The following countable subadditivity property applies to countable unions that may 
not be disjoint unions. 


2.58 countable subadditivity 


Suppose (X, S, u) is a measure space and E,, E2, ... € S. Then 


„(Ù Ex) z È mEn. 


Proof Let Dy = Ø and Dy = E1 U - -+ U E1 fork > 2. Then 
E; \ Dy, E2 \ Do, E3 \ D3,... 
is a disjoint sequence of subsets of X whose union equals Ur, Eg. Thus 


(Ù Ex) = „(Ù (Ex \ Dy)) 


k= 


where the second line above follows from the countable additivity of j and the last 
line above follows from 2.57(a). 


Note that countable subadditivity implies finite subadditivity: if 4 is a measure on 
(X,S) and Ey,...,E, are sets in S, then 


w(E, U: -+ U En) < (E1) +--+ +p(En), 


as follows from applying the equation #(©) = 0 and countable subadditivity to the 
sequence Ey,...,En,©,@,... of sets in S. 
The next result shows that measures behave well with increasing unions. 


2.59 measure of an increasing union 


Suppose (X, S, u) is a measure space and E4 C E> C --- is an increasing 
sequence of sets in S. Then 


co 


u (U Ex) > a u (Ex). 


Proof If w(E,) = œ for some k € Z7, then the equation above holds because 
both sides equal œ. Hence we can consider only the case where y (Eg) < œ for all 
ae ae 
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For convenience, let Eg = ©. Then 
CO foe) 
U Er = U (E; \ Ej-1) 
k=1 j=1 


where the union on the right side is a disjoint union. Thus 


„(U Ex) = Don 
at j=l 


k 
= ii E\ E 
Hael y \ Eja) 


k 
= lim } | (u(E;) — #(Ej-1)) 


ko | 


= jim H(Ex), 
— 00 
Another mew. 


as desired. 


Measures also behave well with respect to decreasing intersections (but see Exer- 
cise 10, which shows that the hypothesis u(E1) < œ below cannot be deleted). 


2.60 measure of a decreasing intersection 


Suppose (X, S, u) is a measure space and E4 D E2 D --- is a decreasing 
sequence of sets in S, with (E,) < œ. Then 


(ñ Ex) = lim p(Ex). 


Proof One of De Morgan’s Laws tells us that 


foe} 


ae J (E1 \ Ex). 


k=1 k=1 


Now E; \ E1 C Ey \ E2 C E \ E3 C --- is an increasing sequence of sets in S. 
Thus 2.59, applied to the equation above, implies that 


#(Ex\ N Ex) = Jim w(Es \ Ex): 
k=1 


Use 2.57(b) to rewrite the equation above as 
foe) 
u(E1) — #(() Ex) = #(En) - jim u (Ex), 
k=1 —0o 


which implies our desired result. 
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The next result is intuitively plausible—we expect that the measure of the union of 
two sets equals the measure of the first set plus the measure of the second set minus 
the measure of the set that has been counted twice. 


2.61 measure of a union 


Suppose (X, S, 1) is a measure space and D, E € S, with u(D N E) < co. Then 


u(D U E) = u(D) + w(E) — u(D N E). 


Proof We have 
DUE = (D \ (DN E))U (E\(DNE))U (DAE). 
The right side of the equation above is a disjoint union. Thus 


u(D UE) = (D \ (DN E)) + #(E\ (DNE)) +u(D NE) 
= (u(D) — p(D N E)) + (u(E) — #(DNE)) +u(D NE) 
= u(D) + (E) — (DNE), 


as desired. 


EXERCISES 2C 


1 Explain why there does not exist a measure space (X, S, u) with the property 
that {u(E): E € S} = (0,1). 
Let 22" denote the o-algebra on Z* consisting of all subsets of Z+. 


2 Suppose p is a measure on (Zt, 22" ). Prove that there is a sequence w1, W,... 


in [0, co] such that 
u(E) = } w 
keE 


for every set E C Zt. 
3 Give an example of a measure p on (Z+,22") such that 
{u(E) : E c Z} = [0,1]. 


4 Give an example of a measure space (X, S, 4) such that 


{u(E):E € S} = {oo} U U [3k, 3k + 1]. 
k=0 


10 


11 


12 
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Suppose (X, S, u) is a measure space such that p(X) < oo. Prove that if A is 
a set of disjoint sets in S such that (A) > 0 for every A € A, then A is a 
countable set. 


Find all c € [3, œ) such that there exists a measure space (X, S, p) with 
{u(E): E € S} = [0,1] U[3,c]. 

Give an example of a measure space (X, S, u) such that 
{u (E) : E € S} = [0,1] U [3, œ]. 


Give an example of a set X, a o-algebra S of subsets of X, a set A of subsets of X 
such that the smallest 7-algebra on X containing A is S, and two measures y and 
v on (X, S) such that u(A) = v(A) forall A € A and p(X) = v(X) < œ, 
but y Av. 


Suppose ji and v are measures on a measurable space (X, S). Prove that y + v 
is a measure on (X, S). [Here u + v is the usual sum of two functions: if E € S, 
then (u + v)(E) = u(E) + v(E).] 


Give an example of a measure space (X, S, u) and a decreasing sequence 
E, D Eo D --- of sets in S such that 


"N Ex) # jim (Ex). 
Suppose (X, S, u) is a measure space and C, D, E € S are such that 
u(CAD) < 0,u(CN E) < œ, and u(D N E) < œ. 


Find and prove a formula for u(C U D U E) in terms of u(C), u(D), u(E), 
u(CND), u(CN E), u(DN E), and u(CA DNE). 


Suppose X is a set and S is the g-algebra of all subsets E of X such that E is 
countable or X \ E is countable. Give a complete description of the set of all 
measures on (X, S). 
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2D Lebesgue Measure 


Additivity of Outer Measure on Borel Sets 


Recall that there exist disjoint sets A,B € R such that |A U B| 4 |A| + |B| (see 
2.18). Thus outer measure, despite its name, is not a measure on the o-algebra of all 
subsets of R. 

Our main goal in this section is to prove that outer measure, when restricted to the 
Borel subsets of R, is a measure. Throughout this section, be careful about trying to 
simplify proofs by applying properties of measures to outer measure, even if those 
properties seem intuitively plausible. For example, there are subsets A C B CR 
with |A| < œ but |B \ A| # |B| — |A| [compare to 2.57(b)]. 

The next result is our first step toward the goal of proving that outer measure 
restricted to the Borel sets is a measure. 


2.62 additivity of outer measure if one of the sets is open 


Suppose A and G are disjoint subsets of R and G is open. Then 


|AUG| = |A| + IGI. 


Proof We can assume that |G| < œœ because otherwise both |A U G| and |A| + |G| 
equal oo. 

Subadditivity (see 2.8) implies that |A U G| < |A| + |G]. Thus we need to prove 
the inequality only in the other direction. 

First consider the case where G = (a,b) for some a,b € R witha < b. We 
can assume that a,b ¢ A (because changing a set by at most two points does not 
change its outer measure). Let Ij, I2, ... be a sequence of open intervals whose union 
contains A U G. For each n € Z¢*, let 


In = InN (—09,4), Kn =N (a,b), La = In (b, 0). 


Then 
(In) = U In) + &(Kn) + (Ln). 


Now J, Li, Jz, L2,... is a sequence of open intervals whose union contains A and 
Kı, K2,. . . is a sequence of open intervals whose union contains G. Thus 


È CC) = E (ed) + &(Ln)) + È Ak) 
> |A| + |G]. 


The inequality above implies that |A U G| > |A| + |G 
JAU G| = |A| + |G| in this special case. 
Using induction on m, we can now conclude that if m € Z* and G is a union of 
m disjoint open intervals that are all disjoint from A, then |A U G| = |A| + |G]. 
Now suppose G is an arbitrary open subset of R that is disjoint from A. Then 
G = Up, In for some sequence of disjoint open intervals Å, In,..., each of which 
is disjoint from A. Now for each m € Z* we have 


, completing the proof that 
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m 
|AUG| > |AU(U hn)| 

n=1 

m 
=]|A|+ } Un) 

n=1 

Thus 

|JAUG| > |A|+ © e(n) 

n=1 

> |A| + |G| 


completing the proof that |A U G| = |A| + |G]. 


The next result shows that the outer measure of the disjoint union of two sets is 
what we expect if at least one of the two sets is closed. 


2.63 additivity of outer measure if one of the sets is closed 


Suppose A and F are disjoint subsets of R and F is closed. Then 


|AUF| = |A| + |F]. 


Proof Suppose Jy, h, ...is a sequence of open intervals whose union contains A U F. 
Let G = UR, Ik. Thus G is an open set with A U F C G. Hence A C G \ F, which 
implies that 


2.64 |A| < |G\ El. 


Because G \ F = GM (R \ F), we know that G \ F is an open set. Hence we can 
apply 2.62 to the disjoint union G = F U (G \ F), getting 


|G] = [F| + |G \ F|. 
Adding |F| to both sides of 2.64 and then using the equation above gives 
|A| + |F| < |G| 
< } ek). 
k=1 
Thus |A| + |F| < |A U F|, which implies that |A| + |F| = |A U F|. 


Recall that the collection of Borel sets is the smallest c-algebra on R that con- 
tains all open subsets of R. The next result provides an extremely useful tool for 
approximating a Borel set by a closed set. 


2.65 approximation of Borel sets from below by closed sets 


Suppose B C R is a Borel set. Then for every € > 0, there exists a closed set 
F C B such that |B \ F| < e. 
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Proof Let 


L = {D CR: for every e > 0, there exists a closed set 
F C D such that |D \ F| < e}. 


The strategy of the proof is to show that £ is a v-algebra. Then because £ contains 
every closed subset of R (if D C R is closed, take F = D in the definition of £), by 
taking complements we can conclude that £ contains every open subset of R and 
thus every Borel subset of R. 

To get started with proving that £ is a c-algebra, we want to prove that £ is closed 
under countable intersections. Thus suppose D4, D2,... is a sequence in £. Let 
g > 0. For each k € Z*, there exists a closed set Fy such that 


€ 
F, C Dy and |Dx \ Kl < 5k 


Thus N4 Fy is a closed set and 


NECAD and (ADANE) C Ú (D:N te. 


k=1 k=1 k=1 k=1 k=1 


The last set inclusion and the countable subadditivity of outer measure (see 2.8) imply 


that 
(7) Px) \ (1 Fe] <e 


k=1 k=1 


Thus (\2_, Dy € £, proving that £ is closed under countable intersections. 

Now we want to prove that £ is closed under complementation. Suppose D € £ 
and e > 0. We want to show that there is a closed subset of R \ D whose set 
difference with R \ D has outer measure less than e, which will allow us to conclude 
thatR\ D € L. 

First we consider the case where |D| < œ. Let F C D be a closed set such that 
|D \ F| < 5. The definition of outer measure implies that there exists an open set G 
such that D C G and |G| < |D| + 5. Now R \ G is a closed set and R \ G C R\ D. 
Also, we have 


(R\D)\R\G)=G\D 
GG Ve. 
Thus 
IR \ D) \ (R\G)| < [G \ F] 
= |G| — |F] 
= (|G| -= |D]) + (IDI — |F|) 
<É +|D\FI 


KE 
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where the equality in the second line above comes from applying 2.63 to the disjoint 
union G = (G \ F) UF, and the fourth line above uses subadditivity applied to 
the union D = (D \ F) UF. The last inequality above shows that R \ D € £, as 
desired. 

Now, still assuming that D € £ and e > 0, we consider the case where |D| = ov. 
For k € Zt, let Dk = D A [—k,k]. Because Dy € £ and |D;| < œ, the previous 
case implies that R \ Dg € £. Clearly D = U2, Dx. Thus 


R\D= N (R\ Dy). 


k=1 


Because £ is closed under countable intersections, the equation above implies that 
R \ D € L, which completes the proof that £ is a v-algebra. 


Now we can prove that the outer measure of the disjoint union of two sets is what 
we expect if at least one of the two sets is a Borel set. 


2.66 additivity of outer measure if one of the sets is a Borel set 


Suppose A and B are disjoint subsets of R and B is a Borel set. Then 


|AUB| = |A| + |B|. 


Proof Lete > 0. Let F be a closed set such that F C B and |B \ F| < e (see 2.65). 
Thus 


|AUB| > |AUF]| 


= |A| + |F| 
= |A| + |B] — |B \ F| 
> |A| + |B|- e, 


where the second and third lines above follow from 2.63 [use B = (B \ F) UF for 
the third line]. 

Because the inequality above holds for all e > 0, we have |A U B| > |A| + |B 
which implies that |A U B| = |A| + |B|. 


> 


You have probably long suspected that not every subset of R is a Borel set. Now 
we can prove this suspicion. 


2.67 existence of a subset of R that is not a Borel set 


There exists a set B C R such that |B| < œ and B is not a Borel set. 


Proof In the proof of 2.18, we showed that there exist disjoint sets A,B C R such 
that |A U B| # |A| + |B|. For any such sets, we must have |B| < oo because 
otherwise both |A U B| and |A| + |B| equal oo (as follows from the inequality 
|B| < |A U BJ). Now 2.66 implies that B is not a Borel set. 
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The tools we have constructed now allow us to prove that outer measure, when 
restricted to the Borel sets, is a measure. 


2.68 outer measure is a measure on Borel sets 


Outer measure is a measure on (R, B Ye where B is the g-algebra of Borel subsets 
of R. 


Proof Suppose B4, Bo,...is a disjoint sequence of Borel subsets of R. Then for 


each n € Z* we have 00 n 
[U Be] > |U B 
k=1 k=1 


n 
= }_|Bk 
k=l 


where the first line above follows from 2.5 and the last line follows from 2.66 (and 
induction on n). Taking the limit as n — co, we have [Ue B;| =) 4 Bel 
The inequality in the other directions follows from countable subadditivity of outer 
measure (2.8). Hence 


ry 


co [oe] 
| U B| = } Bxl. 
k=1 k=1 
Thus outer measure is a measure on the g-algebra of Borel subsets of R. 


The result above implies that the next definition makes sense. 


269 Defini 


Lebesgue measure is the measure on (R, B), where B is the -algebra of Borel 
subsets of R, that assigns to each Borel set its outer measure. 


In other words, the Lebesgue measure of a set is the same as its outer measure, 
except that the term Lebesgue measure should not be applied to arbitrary sets but 
only to Borel sets (and also to what are called Lebesgue measurable sets, as we will 
soon see). Unlike outer measure, Lebesgue measure is actually a measure, as shown 
in 2.68. Lebesgue measure is named in honor of its inventor, Henri Lebesgue. 


The cathedral in Beauvais, the 
French city where Henri 
Lebesgue (1875-1941) was 
born. Much of what we call 
Lebesgue measure and 
Lebesgue integration was 
developed by Lebesgue in his 
1902 PhD thesis. Émile Borel 
was Lebesgue’s PhD thesis 
advisor. CC-BY-SA James Mitchell 
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Lebesgue Measurable Sets 


We have accomplished the major goal of this section, which was to show that outer 
measure restricted to Borel sets is a measure. As we will see in this subsection, outer 
measure is actually a measure on a somewhat larger class of sets called the Lebesgue 
measurable sets. 

The mathematics literature contains many different definitions of a Lebesgue 
measurable set. These definitions are all equivalent—the definition of a Lebesgue 
measurable set in one approach becomes a theorem in another approach. The ap- 
proach chosen here has the advantage of emphasizing that a Lebesgue measurable set 
differs from a Borel set by a set with outer measure 0. The attitude here is that sets 
with outer measure 0 should be considered small sets that do not matter much. 


2.70 Definition Lebesgue measurable set 


A set A C Ris called Lebesgue measurable if there exists a Borel set B C A 
such that |A \ B| = 0. 


Every Borel set is Lebesgue measurable because if A C R is a Borel set, then we 
can take B = A in the definition above. 

The result below gives several equivalent conditions for being Lebesgue measur- 
able. The equivalence of (a) and (d) is just our definition and thus is not discussed in 
the proof. 

Although there exist Lebesgue measurable sets that are not Borel sets, you are 
unlikely to encounter one. The most important application of the result below is that 
if A C Risa Borel set, then A satisfies conditions (b), (c), (e), and (f). Condition (c) 
implies that every Borel set is almost a countable union of closed sets, and condition 
(f) implies that every Borel set is almost a countable intersection of open sets. 


2.71 equivalences for being a Lebesgue measurable set 
Suppose A C R. Then the following are equivalent: 


(a) A is Lebesgue measurable. 


(b) For each e > 0, there exists a closed set F C A with |A \ F| < e. 


(c) There exist closed sets F4, Fo,... contained in A such that |A \ U F,| = (), 
k=1 


(d) There exists a Borel set B C A such that |A \ B| = 0. 


(e) For each e > 0, there exists an open set G D A such that |G \ A| < e. 


(£) There exist open sets G1, Gz,... containing A such that | ( N Gr) \ A| = 
k= 


(g) There exists a Borel set B D A such that |B \ A| = 0. 
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Proof Let £ denote the collection of sets A C R that satisfy (b). We have already 
proved that every Borel set is in £ (see 2.65). As a key part of that proof, which we 
will freely use in this proof, we showed that £ is a v-algebra on R (see the proof 
of 2.65). In addition to containing the Borel sets, £ contains every set with outer 
measure 0 [because if |A| = 0, we can take F = Ø in (b)]. 

(b) = (c): Suppose (b) holds. Thus for each n € Z*, there exists a closed set 
Fn C A such that |A \ Ful < 4. Now 


A\URCA\F 
k=1 

for each n € Z*. Thus |A \ UX: Fl < |A\ Ful < 4 for each n € Z+. Hence 
|A \ Up, Fe| = 0, completing the proof that (b) implies (c). 

(c) = > (d): Because every countable union of closed sets is a Borel set, we see 
that (c) implies (d). 

(d) = > (b): Suppose (d) holds. Thus there exists a Borel set B C A such that 
|A \ B| = 0. Now 

A=BU(A\B). 

We know that B € £ (because B is a Borel set) and A \ B € £ (because A \ B has 
outer measure 0). Because £ is a c-algebra, the displayed equation above implies 
that A € L. In other words, (b) holds, completing the proof that (d) implies (b). 

At this stage of the proof, we now know that (b) ==> (c) = > (d). 

(b) = > (e): Suppose (b) holds. Thus A € £. Lete > 0. Then because 
R \ A € £ (which holds because £ is closed under complementation), there exists a 
closed set F C R \ A such that 


\(R\A)\ Fl <e. 


Now R \ F is an open set with R \ F D A. Because (R \ F) \ A = (R\ A) W, 
the inequality above implies that |(R \ F) \ A| < e. Thus (e) holds, completing the 
proof that (b) implies (e). 

(e) = > (f): Suppose (e) holds. Thus for each n € Z+, there exists an open set 
Gn D A such that |G, \ A| < 1 Now 


(n Gx) \ACGr\A 


for each n € Z+. Thus |(NZ4 Gy) \ A| < [Gn \ A| < + for each n € Z+. Hence 
| (M21 Gr) \ A| = 0, completing the proof that (e) implies (f). 

(f) = > (g): Because every countable intersection of open sets is a Borel set, we 
see that (f) implies (g). 

(g) = > (b): Suppose (g) holds. Thus there exists a Borel set B D A such that 
|B \ A| = 0. Now 

A=BN (R \ (B\ A)). 

We know that B € £ (because B is a Borel set) and R \ (B \ A) € £ (because this 
set is the complement of a set with outer measure 0). Because £ is a o-algebra, the 
displayed equation above implies that A € £. In other words, (b) holds, completing 
the proof that (g) implies (b). 

Our chain of implications now shows that (b) through (g) are all equivalent. 
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In addition to the equivalences in the 
previous result, see Exercise 13 in this 
section for another condition that is equiv- 
alent to being Lebesgue measurable. Also 
see Exercise 6, which shows that a set 
with finite outer measure is Lebesgue mea- 
surable if and only if it is almost a finite disjoint union of bounded open intervals. 

Now we can show that outer measure is a measure on the Lebesgue measurable 
sets. 


2.72 outer measure is a measure on Lebesgue measurable sets 


(a) The set L of Lebesgue measurable subsets of R is a g-algebra on R. 


In practice, the most useful part of 
Exercise 6 is the result that every 


Borel set with finite measure is 
almost a finite disjoint union of 
bounded open intervals. 


(b) Outer measure is a measure on (R, £). 


Proof Because (a) and (b) are equivalent in 2.71, the set £ of Lebesgue measurable 
subsets of R is the collection of sets satisfying (b) in 2.71. As noted in the first 
paragraph of the proof of 2.71, this set is a -algebra on R, proving (a). 

To prove the second bullet point, suppose A1, A2,... is a disjoint sequence of 
Lebesgue measurable sets. By the definition of Lebesgue measurable set (2.70), for 
each k € Z* there exists a Borel set By C Ax such that | Ax \ By| = 0. Now 


|U 4| > |U Be 
kal kel 
= } |B, | 
fal 


= } |Ak], 
m 


where the second line above holds because B1, Bz,... is a disjoint sequence of Borel 
sets and outer measure is a measure on the Borel sets (see 2.68); the last line above 
holds because B, C A, and by subadditivity of outer measure (see 2.8) we have 
[Ax] = [Bk U (Ag \ Be)| < [Bel + [Ax \ Bel = [Bel 

The inequality above, combined with countable subadditivity of outer measure 
(see 2.8), implies that |e Axl = V,|Ag|, completing the proof of (b). 


If A is a set with outer measure 0, then A is Lebesgue measurable (because we 
can take B = Ø in the definition 2.70). Our definition of the Lebesgue measurable 
sets thus implies that the set of Lebesgue measurable sets is the smallest c-algebra 
on R containing the Borel sets and the sets with outer measure 0. Thus the set of 
Lebesgue measurable sets is also the smallest o-algebra on R containing the open 
sets and the sets with outer measure 0. 

Because outer measure is not even finitely additive (see 2.18), 2.72(b) implies that 
there exist subsets of R that are not Lebesgue measurable. 
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We previously defined Lebesgue measure as outer measure restricted to the Borel 
sets (see 2.69). The term Lebesgue measure is sometimes used in mathematical 
literature with the meaning as we previously defined it and is sometimes used with 
the following meaning. 


2.73 Definition Lebesgue measure 


Lebesgue measure is the measure on (R, £), where £ is the g-algebra of Lebesgue 
measurable subsets of R, that assigns to each Lebesgue measurable set its outer 
measure. 


The two definitions of Lebesgue measure disagree only on the domain of the 
measure—is the o-algebra the Borel sets or the Lebesgue measurable sets? You 
may be able to tell which is intended from the context. In this book, the domain is 
specified unless it is irrelevant. 

If you are reading a mathematics paper and the domain for Lebesgue measure 
is not specified, then it probably does not matter whether you use the Borel sets 
or the Lebesgue measurable sets (because every Lebesgue measurable set differs 
from a Borel set by a set with outer measure 0, and when dealing with measures, 
what happens on a set with measure 0 usually does not matter). Because all sets that 
arise from the usual operations of analysis are Borel sets, you may want to assume 
that Lebesgue measure means outer measure on the Borel sets, unless what you are 
reading explicitly states otherwise. 

A mathematics paper may also refer to 
a measurable subset of R, without further 
explanation. Unless some other o-algebra 
is clear from the context, the author prob- 
ably means the Borel sets or the Lebesgue 
measurable sets. Again, the choice prob- 
ably does not matter, but using the Borel 
sets can be cleaner and simpler. 

Lebesgue measure on the Lebesgue measurable sets does have one small advantage 
over Lebesgue measure on the Borel sets: every subset of a set with (outer) measure 
0 is Lebesgue measurable but is not necessarily a Borel set. However, any natural 
process that produces a subset of R will produce a Borel set. Thus this small 
advantage does not often come up in practice. 


The emphasis in some textbooks on 
Lebesgue measurable sets instead of 
Borel sets probably stems from the 


historical development of the subject, 
rather than from any common use of 
Lebesgue measurable sets that are 
not Borel sets. 


Cantor Set and Cantor Function 


Every countable set has outer measure 0 (see 2.4). A reasonable question arises 
about whether the converse holds. In other words, is every set with outer measure 
0 countable? The Cantor set, which is introduced in this subsection, provides the 
answer to this question. 

The Cantor set also gives counterexamples to other reasonable conjectures. For 
example, Exercise 17 in this section shows that the sum of two sets with Lebesgue 
measure 0 can have positive Lebesgue measure. 
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2.74 Definition Cantor set 


The Cantor set C is [0,1] \ (U1 Gn), where G1 = (4, 3) and Gy for n > 1 is 
the union of the middle-third open intervals in the intervals of [0,1] \ Gz Gj). 


One way to envision the Cantor set C is to start with the interval [0,1] and then 
consider the process that removes at each step the middle-third open intervals of all 
intervals left from the previous step. At the first step, we remove G4 = ( i, 3). 


G4 is shown in red. 


After that first step, we have [0,1] \ G = [0,3] U [3,1]. Thus we take the 
middle-third open intervals of [0, 4] and [3,1]. In other words, we have 


Gy, U G2 is shown in red. 


Now [0,1] \ (Gy U G2) = [0, §] U [§, 3] U [3, 3] U [8,1]. Thus 


—(/1 2 7 8 19 20 25 26 
G3 (59, 37) U (397 39) U (ap, 57) U (55, 59). 


0421 Z 8&1 19 20 7 8 25 264 
27 27 9 9 27 27 3 3 27 27 9 9 27 27 


Gy U G2 U G3 is shown in red. 


Base 3 representations provide a useful way to think about the Cantor set. Just 
as th = 0.1 = 0.09999... in the decimal representation, base 3 representations 
are not unique for fractions whose denominator is a power of 3. For example, 
5 = 0.13 = 0.02222 ...3, where the subscript 3 denotes a base 3 representations. 

Notice that G4 is the set of numbers in [0,1] whose base 3 representations have 
1 in the first digit after the decimal point (for those numbers that have two base 3 
representations, this means both such representations must have 1 in the first digit). 
Also, G1 U Gz is the set of numbers in [0,1] whose base 3 representations have 1 in 
the first digit or the second digit after the decimal point. And so on. Hence U1 Gu 
is the set of numbers in [0, 1] whose base 3 representations have a 1 somewhere. 

Thus we have the following description of the Cantor set. In the following 
result, the phrase a base 3 representation indicates that if a number has two base 3 
representations, then it is in the Cantor set if and only if at least one of them contains 
no 1s. For example, both 5 (which equals 0.02222 . . .3 and equals 0.13) and 3 (which 
equals 0.23 and equals 0.12222 . . .3) are in the Cantor set. 
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2.75 base 3 description of the Cantor set 


The Cantor set C is the set of numbers in [0,1] that have a base 3 representation 
containing only Os and 2s. 


The two endpoints of each interval in 
each G,, are in the Cantor set. However, 
many elements of the Cantor set are not 
endpoints of any interval in any Gy. For 
example, Exercise 14 asks you to show 
that Í and B are in the Cantor set; neither 


of those numbers is an endpoint of any interval in any G,,. An example of an irrational 
foe) 


number in the Cantor set is L —. 


It is unknown whether or not every 
number in the Cantor set is either 
rational or transcendental (meaning 
not the root of a polynomial with 
integer coefficients). 


n=1 
The next result gives some elementary properties of the Cantor set. 


2.76 Cis closed, has measure 0, and contains no nontrivial intervals 


(a) The Cantor set is a closed subset of R. 


(b) The Cantor set has Lebesgue measure 0. 


(c) The Cantor set contains no interval with more than one element. 


Proof Each set Gn used in the definition of the Cantor set is a union of open intervals. 
Thus each Gy, is open. Thus UJ; Gn is open, and hence its complement is closed. 
The Cantor set equals [0,1] N (R \ Up; Gn), which is the intersection of two closed 
sets. Thus the Cantor set is closed, completing the proof of (a). 

By induction on n, each G, is the union of 2”~! disjoint open intervals, each of 


which has length a Thus |G,,| = A The sets G4, Go,... are disjoint. Hence 


i 1 2 4 
1 2 4 
a r ) 
1 1 
3 1-3 


Thus the Cantor set, which equals (0, 1] \ Saar Gy, has Lebesgue measure 1 — 1 [by 
2.57(b)]. In other words, the Cantor set has Lebesgue measure 0, completing the 
proof of (b). 

A set with Lebesgue measure 0 cannot contain an interval that has more than one 
element. Thus (b) implies (c). 
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Now we can define an amazing function. 


2.77 Definition Cantor function 


The Cantor function A: [0,1] — [0,1] is defined by converting base 3 represen- 
tations into base 2 representations as follows: 


e If x € C, then A(x) is computed from the unique base 3 representation of 
x containing only Os and 2s by replacing each 2 by 1 and interpreting the 
resulting string as a base 2 number. 


e If x € [0,1] \ C, then A(x) is computed from a base 3 representation of x 
by truncating after the first 1, replacing each 2 before the first 1 by 1, and 
interpreting the resulting string as a base 2 number. 


2.78 Example values of the Cantor function 


e A(0.02023) = 0.01013; in other words, A(#) = B. 
A(0.2201213) = 0.11013; in other words A(S) = B, 


Suppose x € (4, 3). Then x ¢ C because x was removed in the first step of 
the definition of the Cantor set. Each base 3 representation of x begins with 0.1. 
Thus we truncate and interpret 0.1 as a base 2 number, getting 7 Hence the 
Cantor function A has the constant value A on the interval (4, 5) , as shown on 
the graph below. 


Suppose x € (3, 8), Then x ¢ C because x was removed in the second step 
of the definition of the Cantor set. Each base 3 representation of x begins with 
0.21. Thus we truncate, replace the 2 by 1, and interpret 0.11 as a base 2 number, 
getting S, Hence the Cantor function A has the constant value 3 on the interval 


(5, 8) , as shown on the graph below. 


œ= A= lO Ni Ol BIW OND e 


ST nmn a aA a 
1 2 781 19 
9 9 27 273 3 27 27 
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As shown in the next result, in some mysterious fashion the Cantor function 
manages to map [0,1] onto [0,1] even though the Cantor function is constant on each 
open interval in the complement of the Cantor set—see the graph in Example 2.78. 


2.79 Cantor function 


The Cantor function A is a continuous, increasing function from [0,1] onto [0, 1]. 
Furthermore, A(C) = [0,1]. 


Proof We begin by showing that A(C) = [0,1]. To do this, suppose y € [0,1]. In 
the base 2 representation of y, replace each 1 by 2 and interpret the resulting string in 
base 3, getting a number x € [0,1]. Because x has a base 3 representation consisting 
only of Os and 2s, the number x is in the Cantor set C. The definition of the Cantor 
function shows that A(x) = y. Thus y E€ A(C). Hence A(C) = [0,1], as desired. 

Some careful thinking about the meaning of base 3 and base 2 representations and 
the definition of the Cantor function shows that A is an increasing function. This step 
is left to the reader. 

If x € [0,1] \ C, then the Cantor function A is constant on an open interval 
containing x and thus A is continuous at x. If x € C, then again some careful 
thinking about base 3 and base 2 representations shows that A is continuous at x. 

Alternatively, you can skip the paragraph above and note that an increasing 
function on [0,1] whose range equals [0,1] is automatically continuous (although 
you should think about why that holds). 


Now we can use the Cantor function to show that the Cantor set is uncountable 
even though it is a closed set with outer measure 0. 


2.80 Cis uncountable 


The Cantor set is uncountable. 


Proof If C were countable, then A(C) would be countable. However, 2.79 shows 
that A(C) is uncountable. 


As we see in the next result, the Cantor function shows that even a continuous 
function can map a set with Lebesgue measure 0 to nonmeasurable sets. 


2.81 continuous image of a Lebesgue measurable set can be nonmeasurable 


There exists a Lebesgue measurable set A C [0,1] such that |A| = 0 and A(A) 
is not a Lebesgue measurable set. 


Proof Let E be a subset of [0,1] that is not Lebesgue measurable (the existence 

of such a set follows from the discussion after 2.72). Let A = C N A~1(E). Then 

|A| = 0 because A C C and |C| = 0 (by 2.76). Thus A is Lebesgue measurable 

because every subset of R with Lebesgue measure 0 is Lebesgue measurable. 
Because A maps C onto [0,1] (see 2.79), we have A(A) = E. 
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EXERCISES 2D 


10 


(a) Show that the set consisting of those numbers in (0,1) that have a decimal 
expansion containing one hundred consecutive 4s is a Borel subset of R. 


(b) What is the Lebesgue measure of the set in part (a)? 


Prove that there exists a bounded set A C R such that |F| < |A| — 1 for every 
closed set F C A. 


Prove that there exists a set A C R such that |G \ A| = œ for every open set G 
that contains A. 


The phrase nontrivial interval is used to denote an interval of R that contains 
more than one element. Recall that an interval might be open, closed, or neither. 


(a) Prove that the union of each collection of nontrivial intervals of R is the 
union of a countable subset of that collection. 


(b) Prove that the union of each collection of nontrivial intervals of R is a Borel 
set. 


(c) Prove that there exists a collection of closed intervals of R whose union is 
not a Borel set. 


Prove that if A C R is Lebesgue measurable, then there exists an increasing 


sequence F4 C Fp C --- of closed sets contained in A such that 
|A\UF| =0. 
k=1 


Suppose A C R and |A| < oo. Prove that A is Lebesgue measurable if and 
only if for every ¢ > 0 there exists a set G that is the union of finitely many 
disjoint bounded open intervals such that |A \ G| + |G\ A] < e. 


Prove that if A C R is Lebesgue measurable, then there exists a decreasing 
sequence G1 D G2 D -++ of open sets containing A such that 


(Ns) \ | =0. 


Prove that the collection of Lebesgue measurable subsets of R is translation 
invariant. More precisely, prove that if A C R is Lebesgue measurable and 
t € R, then t + A is Lebesgue measurable. 


Prove that the collection of Lebesgue measurable subsets of R is dilation invari- 
ant. More precisely, prove that if A C R is Lebesgue measurable and t € R, 
then fA (which is defined to be {ta : a € A}) is Lebesgue measurable. 


Prove that if A and B are disjoint subsets of R and B is Lebesgue measurable, 
then |A U B| = |A| + |B]. 


11 


12 


13 


14 


15 
16 


17 
18 


19 


20 


21 


22 


23 


24 
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Prove that if A C R and |A| > 0, then there exists a subset of A that is not 
Lebesgue measurable. 


Suppose b < cand A C (b,c). Prove that A is Lebesgue measurable if and 
only if |A| + |(b,c)\ A] = c =b. 


Suppose A C R. Prove that A is Lebesgue measurable if and only if 
(n,n) A A| +|(—n,n)\ A| = 2n 
for every n € Z+. 


Show that i and a are both in the Cantor set. 


Show that B is not in the Cantor set. 


List the eight open intervals whose union is Gy in the definition of the Cantor 
set (2.74). 


Let C denote the Cantor set. Prove that C + $C = [0,1]. 


Prove that every open interval of R contains either infinitely many or no elements 
in the Cantor set. 


1 
Evaluate | A, where A is the Cantor function. 
0 


Evaluate each of the following: 


(a) A(z); 
(b) A(0.93). 


Find each of the following sets: 

(a) A7'({3}); 

(b) AHi). 

(a) Suppose x is a rational number in [0,1]. Explain why A(x) is rational. 
(b) Suppose x € C is such that A(x) is rational. Explain why x is rational. 


Show that there exists a function f: R —> R such that the image under f of 
every nonempty open interval is R. 


For A C R, the quantity 
sup{|F| : F is a closed bounded subset of R and F C A} 
is called the inner measure of A. 


(a) Show that if A is a Lebesgue measurable subset of R, then the inner measure 
of A equals the outer measure of A. 


(b) Show that inner measure is not a measure on the o-algebra of all subsets 
of R. 


62 Chapter 2 Measures 


2E Convergence of Measurable Functions 


Recall that a measurable space is a pair (X, S), where X is a set and S is a g-algebra 
on X. We defined a function f: X — R to be S-measurable if f~!(B) € S for 
every Borel set B C R. In Section 2B we proved some results about S-measurable 
functions; this was before we had introduced the notion of a measure. 

In this section, we return to study measurable functions, but now with an emphasis 
on results that depend upon measures. The highlights of this section are the proofs of 
Egorov’s Theorem and Luzin’s Theorem. 


Pointwise and Uniform Convergence 
We begin this section with some definitions that you probably saw in an earlier course. 
2.82 Definition pointwise convergence; uniform convergence 


Suppose X is a set, f1, fo,... is a sequence of functions from X to R, and f is a 
function from X to R. 


e The sequence fi, f2,... converges pointwise on X to f if 


lim fel) = f(x) 


foreach x € X. 


In other words, f1, f2,... converges pointwise on X to f if for each x € X 
and every £ > 0, there exists n € Z* such that | f(x) — f (x)| < e for all 
integers k > n. 


The sequence f;, f2,... converges uniformly on X to f if for every £ > 0, 
there exists n € Z* such that | f(x) — f (x)| < e for all integers k > n and 
alx € X. 


2.83 Example a sequence converging pointwise but not uniformly 


Suppose f: [—1,1] > R is the 2 
function whose graph is shown here 
and f : [—1,1] — R is the function 


defined by 
1 F 
1 ifx £0, 
= 

f(x) f iy=0. 
Then fi, f2, . . . converges pointwise À E i 1 j 
on |—1,1] to f but fi, f2, ... does z1 k k 1 
not converge uniformly on [—1, 1] to The graph of fr. 


f, as you should verify. 
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Like the difference between continuity and uniform continuity, the difference 
between pointwise convergence and uniform convergence lies in the order of the 
quantifiers. Take a moment to examine the definitions carefully. If a sequence of 
functions converges uniformly on some set, then it also converges pointwise on the 
same set; however, the converse is not true, as shown by Example 2.83. 

Example 2.83 also shows that the pointwise limit of continuous functions need not 
be continuous. However, the next result tells us that the uniform limit of continuous 
functions is continuous. 


2.84 uniform limit of continuous functions is continuous 


Suppose B C R and fi, f2,... is a sequence of functions from B to R that 


converges uniformly on B to a function f: B —> R. Suppose b € B and fk is 
continuous at b for each k € Z+. Then f is continuous at b. 


Proof Suppose € > 0. Letn € ZT be such that | fa (x) — f (x)| < 5 forall x € B. 
Because fn is continuous at b, there exists 6 > 0 such that | fa (x) — fn(b)| < 5 for 
all x € (b — ôb + ô) N B. 

Now suppose x € (b — ô, b + ô) N B. Then 


Sœ) — SO < EE) — all alx) — fab) + Ifa) — fb) 


<€. 


Thus f is continuous at b. 


Egorov’s Theorem 


A sequence of functions that converges 
pointwise need not converge uniformly. 
However, the next result says that a point- 
wise convergent sequence of functions on 
a measure space with finite total measure 
almost converges uniformly, in the sense that it converges uniformly except on a set 
that can have arbitrarily small measure. 

As an example of the next result, consider Lebesgue measure A on the inter- 
val [—1,1] and the sequence of functions fı, fo,... in Example 2.83 that con- 
verges pointwise but not uniformly on [—1,1]. Suppose €e > 0. Then taking 
E = [-1,—4]U [4,1], we have A([-1,1] \ E) < e and fi, fo,... converges uni- 
formly on E, as in the conclusion of the next result. 


2.85 Egorov’s Theorem 


Suppose (X, S, y) is a measure space with p(X) < oo. Suppose fi, fo,... isa 


Dmitri Egorov (1869-1931) proved 
the theorem below in 1911. You may 


encounter some books that spell his 
last name as Egoroff. 


sequence of S-measurable functions from X to R that converges pointwise on 
X to a function f : X — R. Then for every £ > 0, there exists a set E € S such 
that u(X \ E) < e and fi, fo,... converges uniformly to f on E. 
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Proof Suppose € > 0. Temporarily fix n € Z*. The definition of pointwise 
convergence implies that 


2.86 U (){x eX: lx) - f(x)| i= xX. 
m=1k=m 
For m € Z*, let 


Amn = {x E€ X: fex) — f(x)| < Gh: 
k 


=m 


Then clearly Aj, C A2, C ++- is an increasing sequence of sets and 2.86 can be 
rewritten as 
foe} 
U Amnn =X. 
m=1 


The equation above implies (by 2.59) that limyn— oo (Amn) = p(X). Thus there 
exists Mn € Zt such that 


E 
2.87 u(X) — u(Am,,n) < Dn 
Now let Pa 
E = () Amn 
n=1 
Then 


wX\E) = 2(X\ f) Amn) 


n=1 


= „(Ù (X \ Ama n)) 


n=1 
< L U(X \ Amn) 
n=1 
< E, 


where the last inequality follows from 2.87. 
To complete the proof, we must verify that f1, fo,... converges uniformly to f 
on E. To do this, suppose £’ > 0. Letn € Z* be such that i <2, Then E C Ay, n 


which implies that 
[fe(x) — FQ) <q <el 


for all k > my and all x € E. Hence fi, fo,... does indeed converge uniformly to f 
on E. 
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Approximation by Simple Functions 


2.88 Definition simple function 


A function is called simple if it takes on only finitely many values. 


Suppose (X, S) is a measurable space, f: X — R is a simple function, and 
C1, . - - , Cn are the distinct nonzero values of f. Then 


f cing, to bene, 


where Ex = f—!({cx}). Thus this function f is an S-measurable function if and 
only if E1, ..., En € S (as you should verify). 


2.89 approximation by simple functions 


Suppose (X, S) is a measure space and f: X —> [—oco, oo] is S-measurable. 
Then there exists a sequence f1, f2,... of functions from X to R such that 


(a) each f; is a simple S-measurable function; 


(b) |fk(x)| < |f (x)| < [f(x)| for all k € Z* and all x € X; 


(c) jim fk(x) = f(x) for every x € X; 
Ses 


(d) f1,f2,... converges uniformly on X to f if f is bounded. 


Proof The idea of the proof is that for each k € Zt andn € Z, the interval 
[n,n +1) is divided into 2% equally sized half-open subintervals. If f(x) € [0, k), 
we define f(x) to be the left endpoint of the subinterval into which f (x) falls; if 
f(x) € (—k,0), we define f;,(x) to be the right endpoint of the subinterval into 
which f(x) falls; and if |f (x)| > k, we define f;,(x) to be +k. Specifically, let 


if 0 < f(x) <kandm € Z is such that f(x) € [%, ™f*), 
Alx) mel if —k < f(x) < Oand m €Z is such that f(x) € [%, 5), 
k = 

k  iff(x) >k, 


-k if f(x) < —k. 


Each f—! (G mrt)) E S because f is an S-measurable function. Thus each fx 
is an S-measurable simple function; in other words, (a) holds. 
Also, (b) holds because of how we have defined fg. 
The definition of fp implies that 
2.90 fete) =F Ga) < F for all x € X such that f(x) € [—k, k]. 
Thus we see that (c) holds. 
Finally, 2.90 shows that (d) holds. 
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Luzin’s Theorem 


Our next result is surprising. It says that 
an arbitrary Borel measurable function is 
almost continuous, in the sense that its 
restriction to a large closed set is contin- 
uous. Here, the phrase large closed set 
means that we can take the complement 
of the closed set to have arbitrarily small 
measure. 

Be careful about the interpretation of 
the conclusion of Luzin’s Theorem that f |g is a continuous function on B. This is 
not the same as saying that f (on its original domain) is continuous at each point 
of B. For example, Xo is discontinuous at every point of R. However, XolR\Q isa 


Nikolai Luzin (1883-1950) proved 
the theorem below in 1912. Most 
mathematics literature in English 
refers to the result below as Lusin’s 


Theorem. However, Luzin is the 
correct transliteration from Russian 
into English; Lusin is the 
transliteration into German. 


continuous function on R \ Q (because this function is identically 0 on its domain). 


2.91 Luzin’s Theorem 


Suppose g: R — R is a Borel measurable function. Then for every £ > 0, there 


exists a closed set F C R such that |R \ F| < g and g|r is a continuous function 
on F. 


Proof First consider the special case where g = dı Xp eret di an for some 
distinct nonzero d1,...,d, © R and some disjoint Borel sets D1,..., Dn C R. 
Suppose £ > 0. For each k € {1,...,n}, there exist (by 2.71) a closed set Fy C Dx 
and an open set Gk D Dx such that 


ta £ 
G \ D = d IDI\ F = 
|G, \ <5, and |Dx \ tl <5, 


Because Gy \ Fk = (Gy \ Dy) U (Dy \ Fe), we have |G, \ F| < £ for each k € 
{1,...,n}. 
Let 


F= (Ù Fx) U NR \ Ga). 
k=1 k=1 


Then F is a closed subset of R and R \ F = U-14 (Gx \ Fk). Thus |R \ F| < e. 
Because F; C Dx, we see that g is identically dy on Fy. Thus g| p, is continuous 
for each k € {1,...,n}. Because 


n n 


NER \ G) c ANR \ Dg), 


k=1 k=1 


we see that g is identically 0 on Ng- (R \ Gg). Thus g|q_,(R\G,) Ís continuous. 
Putting all this together, we conclude that g| p is continuous (use Exercise 9 in this 
section), completing the proof in this special case. 

Now consider an arbitrary Borel measurable function g: R —> R. By 2.89, there 
exists a sequence 91, g2, . . . of functions from R to R that converges pointwise on R 
to g, where each g; is a simple Borel measurable function. 
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Suppose £ > 0. By the special case already proved, for each k € Z+, there exists 
a closed set Cg C R such that [R \ Cy] < z% and gy|c, is continuous. Let 


C= (N Ce 
k=1 


Thus C is a closed set and gg|c is continuous for every k € Z*. Note that 


R\C = [J (R \ C); 
k=1 
thus |R \ C| < 5. 

For each m € Z, the sequence Sil onm+1) 82 (mms) + ... converges pointwise 
on (m,m +1) to 8\(mn41)- Thus by Egorov’s Theorem (2.85), for each m € Z, 
there is a Borel set Em C (m,m + 1) such that 81, 82,-.. converges uniformly to g 
on Em and 


E€ 
[onm +1) \ Enl < Sars: 


Thus g1, 82, . . . converges uniformly to g on C N En for each m € Z. Because each 
gic is continuous, we conclude (using 2.84) that g|cng,„ is continuous for each 
m € Z. Thus g|p is continuous, where 


D = | (CN Em). 
mEZ 


Because 


R\Dczu(U ((m,m +1) \ Em) ) U(R\C), 


meZ 


we have |R \ D| < e. 
There exists a closed set F C D such that |D \ F| < e — |R \ D| (by 2.65). Now 


IR\ F| = |(R\ D) U (D\ F)| < IR \ D| +|D\ Fl < e. 


Because the restriction of a continuous function to a smaller domain is also continuous, 
g|F is continuous, completing the proof. 


We need the following result to get another version of Luzin’s Theorem. 


2.92 continuous extensions of continuous functions 


e Every continuous function on a closed subset of R can be extended to a 
continuous function on all of R. 


e More precisely, if F C R is closed and g: F — R is continuous, then there 
exists a continuous function h: R — R such that h|p = g. 


Proof Suppose F C R is closed and g: F — R is continuous. Thus R \ F is the 
union of a collection of disjoint open intervals {I,}. For each such interval of the 
form (a, 00) or of the form (—oo,a), define h(x) = g(a) for all x in the interval. 
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For each interval I, of the form (b,c) with b < c and b,c € R, define h on [b,c] 
to be the linear function such that h(b) = g(b) and h(c) = g(c). 

Define h(x) = g(x) for all x € R for which h(x) has not been defined by the 
previous two paragraphs. Then h: R — R is continuous and h| = g. 


The next result gives a slightly modified way to state Luzin’s Theorem. You can 
think of this version as saying that the value of a Borel measurable function can be 
changed on a set with small Lebesgue measure to produce a continuous function. 


2.93 Luzin’s Theorem, second version 


Suppose E C Rand g: E — Risa Borel measurable function. Then for every 


g > 0, there exists a closed set F C E and a continuous function h: R > R such 
that |E \ F| < e and h|F = gp. 


Proof Suppose € > 0. Extend g to a function &: R — R by defining 


a g(x) ifx €E, 
0 ifxeR\E. 


By the first version of Luzin’s Theorem (2.91), there is a closed set C C R such 
that |R \ C| < e and ĝ|c is a continuous function on C. There exists a closed set 
F C CNE such that |(C N E) \ F| < e— |R \ C| (by 2.65). Thus 


IE\ F| < |((CNE)\ F) U (R\C)| < (CNE) \ F|+|R\ C| < e. 


Now ĝ|r is a continuous function on F. Also, |p = g|r (because F C E) . Use 
2.92 to extend ¢|p to a continuous function h: R > R. 


The building at Moscow State University where the mathematics seminar organized 
by Egorov and Luzin met. Both Egorov and Luzin had been students at Moscow State 
University and then later became faculty members at the same institution. Luzin’s 
PhD thesis advisor was Egorov. 
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Lebesgue Measurable Functions 


2.94 Definition Lebesgue measurable function 


A function f: A — R, where A C R, is called Lebesgue measurable if f~! (B) 
is a Lebesgue measurable set for every Borel set B C R. 


If f: A — Risa Lebesgue measurable function, then A is a Lebesgue measurable 
subset of R [because A = f =l (R)]. If A is a Lebesgue measurable subset of R, then 
the definition above is the standard definition of an S-measurable function, where S 
is a g-algebra of all Lebesgue measurable subsets of A. 

The following list summarizes and reviews some crucial definitions and results: 


e A Borel set is an element of the smallest -algebra on R that contains all the 
open subsets of R. 


e A Lebesgue measurable set is an element of the smallest c-algebra on R that 
contains all the open subsets of R and all the subsets of R with outer measure 0. 


e The terminology Lebesgue set would make good sense in parallel to the termi- 
nology Borel set. However, Lebesgue set has another meaning, so we need to 
use Lebesgue measurable set. 


Every Lebesgue measurable set differs from a Borel set by a set with outer 
measure 0. The Borel set can be taken either to be contained in the Lebesgue 
measurable set or to contain the Lebesgue measurable set. 


e Outer measure restricted to the o-algebra of Borel sets is called Lebesgue 
measure. 


e Outer measure restricted to the o-algebra of Lebesgue measurable sets is also 
called Lebesgue measure. 


e Outer measure is not a measure on the o-algebra of all subsets of R. 


A function f: A — R, where A C R, is called Borel measurable if f~!(B) is a 
Borel set for every Borel set B C R. 


A function f: A — R, where A C R, is called Lebesgue measurable if f~!(B) 
is a Lebesgue measurable set for every Borel set B C R. 


Although there exist Lebesgue measur- 
able sets that are not Borel sets, you are 
unlikely to encounter one. Similarly, a 
Lebesgue measurable function that is not 
Borel measurable is unlikely to arise in 
anything you do. A great way to simplify 
the potential confusion about Lebesgue 
measurable functions being defined by in- 
verse images of Borel sets is to consider 
only Borel measurable functions. 


“Passing from Borel to Lebesgue 
measurable functions is the work of 
the devil. Don’t even consider it!” 
—Barry Simon (winner of the 
American Mathematical Society 


Steele Prize for Lifetime 
Achievement), in his five-volume 
series A Comprehensive Course in 
Analysis 
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The next result states that if we adopt 
the philosophy that what happens on a 
set of outer measure 0 does not matter 
much, then we might as well restrict our 
attention to Borel measurable functions. 


“He professes to have received no 
sinister measure.” 


— Measure for Measure, 
by William Shakespeare 


2.95 every Lebesgue measurable function is almost Borel measurable 


Suppose f : R — R is a Lebesgue measurable function. Then there exists a Borel 


measurable function g: R — R such that 


{x ER: g(x) # f(x)}| =0. 


Proof There exists a sequence f1, f2,... of Lebesgue measurable simple functions 
from R to R converging pointwise on R to f (by 2.89). Suppose k € Z”. Then there 
exist Cj,...,Cn € R and disjoint Lebesgue measurable sets Aj,..., An C R such 
that 


fk= (1X 4, ei + enX 
For each j € {1,...,1}, there exists a Borel set B; C Aj such that | A; \ B;| = 0 
[by the equivalence of (a) and (d) in 2.71]. Let 

8k = C1Xp, Tt + CnXz 


Then gx is a Borel measurable function and |{x € R : g(x) Æ fx(x)}| = 0. 


Ifx ¢ Uy {x © R: g(x) A fi (x)}, then g(x) = f(x) for all k € Z* and 
hence limg g(x) = f(x). Let 


E={xER: jim g(x) exists in R}. 
—00 


Then E is a Borel subset of R [by Exercise 14(b) in Section 2B]. Also, 


R\EC U {xe R: g(x) A fie(x)} 


k=1 


and thus |R \ E| = 0. For x € R, let 
2.96 g(x) = lim (x,8%) (x). 
k— œ 


If x € E, then the limit above exists by the definition of E; if x € R \ E, then the 
limit above exists because (7.8%) (x) = 0 for all k € Z*. 

For each k € Z*, the function X 8k is Borel measurable. Thus 2.96 implies that g 
is a Borel measurable function (by 2.48). Because 


œo 


{x ER: g(x) A f(x)} C U {x ER : gel) A fe(x)}, 


k=1 


we have |{x € R : g(x) # f(x) }| = 0, completing the proof. 
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EXERCISES 2E 


1 Suppose X is a finite set. Explain why a sequence of functions from X to R that 
converges pointwise on X also converges uniformly on X. 


2 Give an example of a sequence of functions from Z™ to R that converges 
pointwise on Z* but does not converge uniformly on Z*. 


3 Give an example of a sequence of continuous functions f1, f2,... from [0,1] 
to R that converge pointwise to a function f : [0,1] — R that is not a bounded 
function. 


4 Prove or give a counterexample: If A C R and fi, f2,... is a sequence of 
uniformly continuous functions from A to R that converge uniformly to a 
function f: A — R, then f is uniformly continuous on A. 


5 Give an example to show that Egorov’s Theorem can fail without the hypothesis 
that u(X) < oo. 


6 Suppose (X, S, p) is a measure space with p(X) < co. Suppose fi, fo,... is a 
sequence of S-measurable functions from X to R such that limy 5.5 f(x) = 09 
for each x € X. Prove that for every € > 0, there exists a set E € S such that 
u(X \ E) < eand fy, fo,... converges uniformly to co on E (meaning that for 
every t > 0, there exists n € Z* such that f,(x) > t for all integers k > n and 
all x € E). 

[The exercise above is an Egorov-type theorem for sequences of functions that 
converge pointwise to œ.] 


7 Suppose F is a closed bounded subset of R and g1, 82,... is an increasing 
sequence of continuous real-valued functions on F (thus 91(x) < g&2(x) < +-+- 
for all x € F) such that sup{g1 (x), g2(x),...} < œ for each x € F. Define a 
real-valued function g on F by 

g(x) = lim gx(x). 
k—-400 

Prove that g is continuous on F if and only if g1, 82, . . . converges uniformly on 
F tog. 


[The result above is called Dini’s Theorem. | 
8 Suppose p is the measure on (Z+, 22") defined by 


HE) = Doe 


neE 


Prove that for every € > 0, there exists a set E C Zt with p(Zt \ E) < € 
such that f1, f2, . . . converges uniformly on E for every sequence of functions 
fi, f2... from Z* to R that converges pointwise on Z+. 

[This result does not follow from Egorov’s Theorem because here we are asking 
for E to depend only on e. In Egorov’s Theorem, E depends on £ and on the 


sequence fi, fo,....] 
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Suppose F}, . . . , Fn are disjoint closed subsets of R. Prove that if 
g: AU- UF >R 


is a function such that g|f, is a continuous function for each k € {1,...,n}, 
then g is a continuous function. 


Suppose F C R is such that every continuous function from F to R can be 
extended to a continuous function from R to R. Prove that F is a closed subset 
of R. 


Prove or give a counterexample: If F C R is such that every bounded continuous 
function from F to R can be extended to a continuous function from R to R, 
then F is a closed subset of R. 


Give an example of a Borel measurable function f from R to R such that there 
does not exist a set B C R such that |R \ B| = 0 and f|g is a continuous 
function on B. 


Prove or give a counterexample: If f: R — R is a Borel measurable function 
for each t € R and f: R — (—o, œœ] is defined by 


f(x) = supt{fi(x) : t € R}, 
then f is a Borel measurable function. 
Suppose bj, bz,... is a sequence of real numbers. Define f: R — [0,0] by 
a ifx ¢ {b1, b2,...}, 
f(x) = 4 ea tlx — bl 
oo if x € {by,bo,...}. 
Prove that |{x € R : f(x) < 1}| = œ. 


[This exercise is a variation of a problem originally considered by Borel. If 
bı, b2,... contains all the rational numbers, then it is not even obvious that 


{x ER: f(x) << œ} FO] 


Suppose B is a Borel set and f: B — R is a Lebesgue measurable function. 
Show that there exists a Borel measurable function g: B — R such that 


|{x € B: g(x) A f(x)}| =0. 
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Chapter 3 inne 
Integration 


To remedy deficiencies of Riemann integration that were discussed in Section 1B, 
in the last chapter we developed measure theory as an extension of the notion of the 
length of an interval. Having proved the fundamental results about measures, we are 
now ready to use measures to develop integration with respect to a measure. 

As we will see, this new method of integration fixes many of the problems with 


Riemann integration. In particular, we will develop good theorems for interchanging 
limits and integrals. 


4 Ri: 


Statue in Milan of Maria Gaetana Agnesi, 
who in 1748 published one of the first calculus textbooks. 

A translation of her book into English was published in 1801. 
In this chapter, we develop a method of integration more powerful 
than methods contemplated by the pioneers of calculus. 
©Giovanni Dall’Orto 


© Sheldon Axler 2020 
S. Axler, Measure, Integration & Real Analysis, Graduate Texts 73 
in Mathematics 282, https://doi.org/10.1007/978-3-030-33 143-6 3 


74 Chapter 3 Integration 


3A Integration with Respect to a Measure 


Integration of Nonnegative Functions 


We will first define the integral of a nonnegative function with respect to a measure. 
Then by writing a real-valued function as the difference of two nonnegative functions, 
we will define the integral of a real-valued function with respect to a measure. We 
begin this process with the following definition. 


.1 Definition S-partition 


Suppose S is a g-algebra on a set X. An S-partition of X is a finite collection 
A1,- - -, Am of disjoint sets in S such that Ay U---U Am = X. 


The next definition should remind you 
of the definition of the lower Riemann 
sum (see 1.3). However, now we are 
working with an arbitrary measure and 
thus X need not be a subset of R. More importantly, even in the case when X is a 
closed interval [a, b] in R and y is Lebesgue measure on the Borel subsets of [a,b], 
the sets Aj,...,Am in the definition below do not need to be subintervals of la, b] as 
they do for the lower Riemann sum—they need only be Borel sets. 


We adopt the convention that 0 > œ 
and œ -0 should both be interpreted 
to be 0. 


3.2 Definition lower Lebesgue sum 


Suppose (X, S, u) is a measure space, f: X — [0,00] is an S-measurable 
function, and P is an S-partition A,,..., Am of X. The lower Lebesgue sum 
L(f, P) is defined by 


m 


L(F,P) = Yo (Aj) int f. 


j=l 


Suppose (X, S, u) is a measure space. We will denote the integral of an S- 
measurable function f with respect to p by f fdu. Our basic requirements for 
an integral are that we want f x, dy to equal u(E) for all E € S, and we want 
J(f+g2)du = f fdu + f gdu. As we will see, the following definition satisfies 
both of those requirements (although this is not obvious). Think about why the 
following definition is reasonable in terms of the integral equaling the area under the 
graph of the function (in the special case of Lebesgue measure on an interval of R). 


3.3 Definition integral of a nonnegative function 


Suppose (X, S, 4) is a measure space and f : X — [0,00] is an S-measurable 
function. The integral of f with respect to u, denoted f f dy, is defined by 


ffan = sup{£(f,P) : P is an S-partition of X}. 
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Suppose (X, S, u) is a measure space and f: X — [0,00] is an S-measurable 
function. Each S-partition A;,...,Aj of X leads to an approximation of f from 
below by the S-measurable simple function Li (inf f ) Xa This suggests that 

j J 


$ MA intS 


j=l 


should be an approximation from below of our intuitive notion of f f du. Taking the 
supremum of these approximations leads to our definition of f f du. 
The following result gives our first example of evaluating an integral. 


3.4 integral of a characteristic function 


Suppose (X, S, u) is a measure space and E € S. Then 


[xc = p(E). 


Proof If P is the S-partition of X con- 
sisting of E and its complement X \ E, f f du has na independent meaning, 


then clearly L(Xg,P) = HE) Thus but it often usefully separates f from 


ie du > u(E). a u. Because the din ffau does not 
To prove the inequality in the other 


direction, suppose P is an S-partition 
A1,..-, Am of X. Then (Aj) inf x, 
j 


The symbol d in the expression 


represent another object, some 
mathematicians prefer typesetting 
an upright d in this situation, 


producing J fp. However, the 
upright d looks jarring to some 
readers who are accustomed to 


equals u(A;) if Aj C E and equals 0 
otherwise. Thus 


L(Xg P) = L u(Aj) italicized symbols. This book takes 
{j: AjCE} the compromise position of using 
slanted d instead of math-mode 
= u( U Aj) italicized d in integrals. 
{7 AjCE} 
< HE) 


Thus f x, dy < (E), completing the proof. 


3.5 Example integrals of Xo and X10,11\0 

Suppose A is Lebesgue measure on R. As a special case of the result above, we 
have f Xo dA = 0 (because |Q| = 0). Recall that Xo is not Riemann integrable on 
[0,1]. Thus even at this early stage in our development of integration with respect to 
a measure, we have fixed one of the deficiencies of Riemann integration. 

Note also that 3.4 implies that J Xo \q dA = 1 (because \[0,1] \ Q| = 1), 
which is what we want. In contrast, the lower Riemann integral of Xio] \ Q 8 [0,1] 
equals 0, which is not what we want. 
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3.6 Example integration with respect to counting measure is summation 


Suppose y is counting measure on Z* and b4, b2, . . . is a sequence of nonnegative 
numbers. Think of b as the function from Z* to [0, 00) defined by b(k) = by. Then 


pou= 2 bk, 
k=1 


as you should verify. 


Integration with respect to a measure can be called Lebesgue integration. The 
next result shows that Lebesgue integration behaves as expected on simple functions 
represented as linear combinations of characteristic functions of disjoint sets. 


3.7 integral of a simple function 


Suppose (X, S, u) is a measure space, E;,...,E, are disjoint sets in S, and 
C1,--+,Cn € [0,00]. Then 


fies gets, du = y cku (Ek). 
k=1 kZ 


Proof Without loss of generality, we can assume that E4, . . . , En is an S-partition of 
X [by replacing n by n + 1 and setting Ep41 = X \ (E1 U... U En) and cp41 = 0]. 
If P is the S-partition E4, . . ., En of X, then £ (Z} 1 CkXgy P) =) cku (Ep). 


Thus : P 
JE rxe) du > X cenlE). 
k=1 k=1 


To prove the inequality in the other direction, suppose that P is an S-partition 
Aj,...,Am of X. Then 


ms CkX g, P) =). a(4A;) 
k=1 = 


min Ci 
{i: AjNE; AO} 


= (A;N Ex) min 
LEA {i: AjNE; 40} 


k 
The inequality above implies that f 
the proof. 


~ 


aS CkX g,) du < VL, ceu(Ex), completing 
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The next easy result gives an unsurprising property of integrals. 


3.8 integration is order preserving 


Suppose (X, S, j/) is a measure space and f,g: X — [0,00] are S-measurable 
functions such that f (x) < g(x) for all x € X. Then f f du < f gdp. 


Proof Suppose P is an S-partition A4, ..., Am of X. Then 
inf f < inf 
ity S ints 
for each j = 1,...,m. Thus L(f, P) < L(g, P). Hence f fdu < f gdp. 


Monotone Convergence Theorem 


For the proof of the Monotone Convergence Theorem (and several other results), we 
will need to use the following mild restatement of the definition of the integral of a 
nonnegative function. 


3.9 integrals via simple functions 


Suppose (X, S, y) is a measure space and f : X — [0,00] is S-measurable. Then 


m 


3.10 ffan = sup{ cj (Aj) : Aj,...,Am are disjoint sets in S, 
j=l 


C1,-++,Cm € [0,00), and 


m 
ORD cjxa (x) for every x € x}. 
j=l 


Proof First note that the left side of 3.10 is bigger than or equal to the right side by 
3.7 and 3.8. 

To prove that the right side of 3.10 is bigger than or equal to the left side, first 
assume that inf f < œ for every A € S with u(A) > 0. Then for P an S-partition 


A1,- . -, Am of nonempty subsets of X, take cj = inf f, which shows that £(f, P) is 
j 


in the set on the right side of 3.10. Thus the definition of f f dy shows that the right 
side of 3.10 is bigger than or equal to the left side. 

The only remaining case to consider is when there exists a set A € S such that 
u(A) > O and inf f = œ [which implies that f(x) = œ for all x € A]. In this case, 


for arbitrary t € (0,co) we can take m = 1, Aj = A, and c1 = t. These choices 
show that the right side of 3.10 is at least tu( A). Because t is an arbitrary positive 
number, this shows that the right side of 3.10 equals co, which of course is greater 
than or equal to the left side, completing the proof. 


The next result allows us to interchange limits and integrals in certain circum- 
stances. We will see more theorems of this nature in the next section. 
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3.11 Monotone Convergence Theorem 


Suppose (X, S, u) is a measure space and 0 < fı < f2 < --- is an increasing 
sequence of S-measurable functions. Define f: X — [0, Ae 


f(x) = lim fe(2). 


lim f fan = f fap. 


Proof The function f is S-measurable by 2.53. 

Because f(x) < f(x) for every x € X, we have f f,du < f f du for each 
k € Z* (by 3.8). Thus limg_,o. f fe du < f f du. 

To prove the inequality in the other direction, suppose Ay,..., Am are disjoint 
sets in S and cy,...,Cm € [0,00) are such that 


m 
3.12 f(x) > L cxa (x) for every x € X. 
4 J 
Lett € (0,1). Fork € Z*, let 
E= {x eX: f(x zE oal x)}. 


Then E4 C E? C --- is an increasing sequence of sets in S whose union equals X. 
Thus limo #(Aj N Ex) = u(Aj) for each j € {1,...,m} (by 2.59). 
If k € Z*, then 


Fix > D toxa, ng ) 


j=1 
for every x € X. Thus (by 3.9) 


m 
fh du > t D N Ex). 
f 
Taking the limit as k — œ of both sides of the inequality above gives 
m 
lim J du >t) c;u(A 
lim J fe dp > L ju(A;) 
Now taking the limit as t increases to 1 shows that 
m 
li Í du > y c;u(A 
lim J fed > L fiat 


Taking the supremum of the inequality above over all S-partitions A;,..., Am 
of X and all cy,...,Cm € (0, œ) satisfying 3.12 shows (using 3.9) that we have 
limk | fe du > f f du, completing the proof. 
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The proof that the integral is additive will use the Monotone Convergence Theorem 
and our next result. The representation of a simple function h: X — [0,0o] in the 
form )p—1 Ck Xe, is not unique. Requiring the numbers cy,...,C, to be distinct and 
E,,...,E, to be nonempty and disjoint with E1 U--- U En = X produces what 
is called the standard representation of a simple function [take Ep = h~'({c;}), 
where C1,...,Cy are the distinct values of h]. The following lemma shows that all 
representations (including representations with sets that are not disjoint) of a simple 
measurable function give the same sum that we expect from integration. 


3.13 integral-type sums for simple functions 


Suppose (X, S, u) is a measure space. Suppose 41,...,4m,01,..-,bn € [0,00] 
and Aj,...,Am,B1,...,Byn € S are such that Da QjX, = Ei DX g,- Then 
J 


P a) 
j=1 k=1 


Proof We assume Aj U -+ - U Am = X (otherwise add the term OXx\ 
Suppose A, and Az are not disjoint. Then we can write 


(Ai U.. U Am)" 


3.14 MX a, +42X 4, = Xa a, TAXA a T (01 FA) na” 


where the three sets appearing on the right side of the equation above are disjoint. 
Now Ay = (A; \ 42) U (A1 N Az) and Az = (Az \ 41) U (A1 N A2); each 

of these unions is a disjoint union. Thus u(A1) = (A1 \ A2) + u(A1 N A2) and 

(Az) = u(A2 \ 41) + y(A1 N A2). Hence 


ay(A1) +azu(A2) = ap (Ay \ 42) +a (Az \ A1) + (a1 +a2)u(A1N A2). 


The equation above, in conjunction with 3.14, shows that if we replace the two 
sets A1, Az by the three disjoint sets A; \ A2, A2 \ 41, A41 N Az and make the 
appropriate adjustments to the coefficients 41, ..., Am, then the value of the sum 
Ea aju( Aj) is unchanged (although m has increased by 1). 

Repeating this process with all pairs of subsets among Aj,...,Am that are 
not disjoint after each step, in a finite number of steps we can convert the ini- 
tial list A1, ..., Am into a disjoint list of subsets without changing the value of 
Li- aju(Aj). 

The next step is to make the numbers 44, . . . , Am distinct. This is done by replacing 
the sets corresponding to each a; by the union of those sets, and using finite additivity 
of the measure y to show that the value of the sum }7"_, aju (Aj) does not change. 

Finally, drop any terms for which Aj = ©, getting the standard representation 
for a simple function. We have now shown that the original value of 7)" aju (Aj) 
is equal to the value if we use the standard representation of the simple function 


m ss d _ b n 
j=1 jX Ay The same procedure can be used with the representation )(y_, bx Xp, tO 


show that )°¢_, bu Xg) equals what we would get with the standard representation. 
Thus the equality of the functions } -7-4 ajx A; and } %1 bk Xp, implies the equality 


j=14jU(A;j) = Lear bry (Be). 


j= 
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Now we can show that our definition 
of integration does the right thing with 
simple measurable functions that might 
not be expressed in the standard represen- 
tation. The result below differs from 3.7 
mainly because the sets E4, . .., En in the 
result below are not required to be dis- 
joint. Like the previous result, the next 
result would follow immediately from the 
linearity of integration if that property had 
already been proved. 


If we had already proved that 
integration is linear, then we could 
quickly get the conclusion of the 
previous result by integrating both 
sides of the equation 


Lia 4jiX a, = L= bkXp, with 
respect to u. However, we need the 
previous result to prove the next 
result, which is used in our proof 
that integration is linear. 


3.15 integral of a linear combination of characteristic functions 


Suppose (X, S, u) is a measure space, E4, ..., En € S, and c1,...,Cn € [0,00]. 


Then a y 
fos ae) du = } , ck (Ex). 
k=1 k=1 


Proof The desired result follows from writing the simple function )°/_, Ck Xe, in 
the standard representation for a simple function and then using 3.7 and 3.13. 


Now we can prove that integration is additive on nonnegative functions. 
3.16 additivity of integration 


Suppose (X, S, j/) is a measure space and f,g: X — [0,00] are S-measurable 


fE+g)du= | fant f gap. 


functions. Then 


Proof The desired result holds for simple nonnegative S-measurable functions (by 
3.15). Thus we approximate by such functions. 

Specifically, let f4, fo,... and g1, 82, ... be increasing sequences of simple non- 
negative S-measurable functions such that 


lim f(x) = f(x) and lim g(x) = g(x) 
k= 00 k— oo 
for all x € X (see 2.89 for the existence of such increasing sequences). Then 
fe +8) du = lim [ (fi + 8k) du 
= lim | feau+ lim J sean 
k— œ k— oo 


= | faut f gan, 


where the first and third equalities follow from the Monotone Convergence Theorem 
and the second equality holds by 3.15. 
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The lower Riemann integral is not additive, even for bounded nonnegative measur- 
able functions. For example, if f = Xen 0,1] and g = Xog then 


L(f,[0,1]) =0 and L(g, [0,1])=0 but L(f+g,[0,1])=1. 


In contrast, if A is Lebesgue measure on the Borel subsets of [0, 1], then 


ffa=0 and [sar=i and [E+ asn. 


More generally, we have just proved that f (f +g)du = f fdu + f gdp for 
every measure y and for all nonnegative measurable functions f and g. Recall that 
integration with respect to a measure is defined via lower Lebesgue sums in a similar 
fashion to the definition of the lower Riemann integral via lower Riemann sums 
(with the big exception of allowing measurable sets instead of just intervals in the 
partitions). However, we have just seen that the integral with respect to a measure 
(which could have been called the lower Lebesgue integral) has considerably nicer 
behavior (additivity!) than the lower Riemann integral. 


Integration of Real-Valued Functions 


The following definition gives us a standard way to write an arbitrary real-valued 
function as the difference of two nonnegative functions. 


3.17 Definition f+; f 


Suppose f : X —> [—o, oo] is a function. Define functions f+ and f~ from X to 
[0, co] by 


_ J f(x) if f(x) 20, aA fo if f(x) > 0, 
rea {i if f(x) <0 ak o if f(x) <0. 


Note that if f : X — [—co, œœ] is a function, then 
fafa i) wed a io 


The decomposition above allows us to extend our definition of integration to functions 
that take on negative as well as positive values. 


3.18 Definition integral of a real-valued function 


Suppose (X, S, p) is a measure space and f : X —> [—oo, co] is an S-measurable 
function such that at least one of f f* du and f f~ dy is finite. The integral of 


f with respect to y, denoted f f dy, is defined by 


[tau= ffin- fE ap. 


If f > 0, then f* = f and f~ = 0; thus this definition is consistent with the 
previous definition of the integral of a nonnegative function. 
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The condition ['|f| dj: < co is equivalent to the condition f f* dy < co and 
J f~ du < œ (because |f| = f* + f7). 


3.19 Example a function whose integral is not defined 
Suppose À is Lebesgue measure on R and f : R — R is the function defined by 


1 if x > 0, 
feat, ifx <0. 


Then f f dA is not defined because f f" dA = œ and f fT dA = œ. 


The next result says that the integral of a number times a function is exactly what 
we expect. 


3.20 integration is homogeneous 


Suppose (X, S, u) is a measure space and f : X —> [—co, œ] is a function such 


that f f dy is defined. If c € R, then 


fefau=e | fay. 


Proof First consider the case where f is a nonnegative function and c > 0. If P is 
an S-partition of X, then clearly L(cf, P) = cL(f,P). Thus f cf du =c f f dp. 

Now consider the general case where f takes values in [—co, co]. Suppose c > 0. 
Then 


fefau= fief ap- [lf au 
= foftau— fcf- au 
-efsta [ra 
=c | fap 


where the third line follows from the first paragraph of this proof. 
Finally, now suppose c < 0 (still assuming that f takes values in [—00, co]). Then 
—c > Qand 


fetan= fief ap- [ (cf) ay 
= [Cof dp- (oft dy 
=(-c)( f fap- f f* ax) 
=c | fdu, 


completing the proof. 
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Now we prove that integration with respect to a measure has the additive property 
required for a good theory of integration. 


3.21 additivity of integration 


Suppose (X, S, u) is a measure space and f,g: X — R are S-measurable 
functions such that f |f| dy < œ and f|g|du < co. Then 


fE+g)du= | fant f gap. 


Proof Clearly 
Gta -(f+83) =f+g 
=f*-f +g ee 


Thus 


EAT ee Sg) R es 
Both sides of the equation above are sums of nonnegative functions. Thus integrating 
both sides with respect to p and using 3.16 gives 


[urs ant |f dut [dua [E+ aut fft dut f gt ap. 
Rearranging the equation above gives 

[uta an- [E+ a = ffan- |F du+ fatan- fsan 
where the left side is not of the form œ — œ because (f +g)" < ft +g% and 
(f+) <f +g . The equation above can be rewritten as 


Gottfried Leibniz (1646-1716) 
Ju +g) du = [fan T fsan invented the symbol { to denote 
integration in 1675. 


completing the proof. 


The next result resembles 3.8, but now the functions are allowed to be real valued. 
3.22 integration is order preserving 


Suppose (X, S, u) is a measure space and f,g: X — R are S-measurable 


functions such that f f dy and f g dy are defined. Suppose also that f(x) < g(x) 
for all x € X. Then f fdu < f gdp. 


Proof The cases where f f du = +00 or f g du = +o are left to the reader. Thus 
we assume that f |f| du < œ and ['|g| du < œ. 
The additivity (3.21) and homogeneity (3.20 with c = —1) of integration imply 


that 
fsan- | fau= fis- fan 


The last integral is nonnegative because g(x) — f(x) > 0 for all x € X. 
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The inequality in the next result receives frequent use. 


3.23 absolute value of integral < integral of absolute value 


Suppose (X, S, u) is a measure space and f : X — [—0o, œœ] is a function such 


|f fan] < fiflan 


Proof Because f f dy is defined, f is an S-measurable function and at least one of 
J f* duand f f` dp is finite. Thus 


|f] =| f fran fra 
= ftf Fa 
= [ft +f )au 


= | iflay, 


that f f du is defined. Then 


as desired. 


EXERCISES 3A 


1 Suppose (X, S, j/) is a measure space and f : X — [0,00] is an S-measurable 
function such that f f dj: < oo. Explain why 


inf f =0 
in f 
for each set E € S with u(E) = œ. 
2 Suppose X isa set, S is a g-algebra on X, and c € X. Define the Dirac measure 
dc on (X, S) by 
1 fcet 
6c(E) = , 
ne t ifc ¢ E. 


Prove that if f: X — [0,00] is S-measurable, then f f dd, = f (c). 
[Careful: {c} may not be in S.] 


3 Suppose (X, S, u) is a measure space and f : X — [0,00] is an S-measurable 
function. Prove that 


ffo > 0 if and only if u({x € X : f(x) > 0}) > 0. 


10 


11 
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Give an example of a Borel measurable function f : [0,1] — (0,00) such that 
L(f,[0,1]) =0. 

[Recall that L(f, [0,1]) denotes the lower Riemann integral, which was defined 
in Section 1A. If À is Lebesgue measure on [0,1], then the previous exercise 
States that f f dA > 0 for this function f, which is what we expect of a positive 
function. Thus even though both L(f, [0,1]) and f f dà are defined by taking 
the supremum of approximations from below, Lebesgue measure captures the 
right behavior for this function f and the lower Riemann integral does not.] 


Verify the assertion that integration with respect to counting measure is summa- 
tion (Example 3.6). 


Suppose (X, S, j) is a measure space, f : X — [0,00] is S-measurable, and P 
and P’ are S-partitions of X such that each set in P’ is contained in some set in 
P. Prove that £(f, P) < L(f, P’). 


Suppose X is a set, S is the -algebra of all subsets of X, and w: X — [0,00] 
is a function. Define a measure y on (X, S) by 


u(E) = } w(x) 


xeE 


for E C X. Prove that if f: X — [0, œ] is a function, then 
[feu = X wow, 
where the infinite sums above are defined as the supremum of all sums over 


finite subsets of X. 


Suppose A denotes Lebesgue measure on R. Given an example of a sequence 
fi, fo,... of simple Borel measurable functions from R to [0, c0) such that 
liMko f(x) = 0 for every x € R but limk; f fk dA = 1. 


Suppose j is a measure on a measurable space (X, S) and f: X — [0, œ] is an 
S-measurable function. Define v: S — [0, œ] by 


vA) = | xf du 
for A € S. Prove that v is a measure on (X, S). 


Suppose (X, S, 11) is a measure space and fi, f2, . . . is a sequence of nonnegative 
S-measurable functions. Define f : X — [0,00] by f(x) = VR fe (x). Prove 


that " 
Jfw=L fhd 


Suppose (X, S, j) is a measure space and fi, f2, . . . are S-measurable functions 
from X to R such that 72, f |f| du < co. Prove that there exists E € S such 
that u(X \ E) = 0 and limy_... f(x) = 0 for every x € E. 


12 


13 


14 


15 
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Show that there exists a Borel measurable function f : R — (0,00) such that 
f Xi f dà = oo for every nonempty open interval I C R, where À denotes 
Lebesgue measure on R. 


Give an example to show that the Monotone Convergence Theorem (3.11) can 
fail if the hypothesis that f1, f2, . . . are nonnegative functions is dropped. 


Give an example to show that the Monotone Convergence Theorem can fail if 
the hypothesis of an increasing sequence of functions is replaced by a hypothesis 
of a decreasing sequence of functions. 

[This exercise shows that the Monotone Convergence Theorem should be called 
the Increasing Convergence Theorem. However, see Exercise 20.] 


Suppose A is Lebesgue measure on R and f: R — [—09, œ] is a Borel measur- 
able function such that f f dA is defined. 


(a) For t € R, define f: R — [—co0,00] by f(x) = f(x —t). Prove that 
J fidà = f fad forall t € R 

(b) Fort € R \ {0}, define fi: R — [—co, 00] by f(x) = f (tx). Prove that 
J ft dà = q J fad for all t > 0. 


Suppose S and 7 are g-algebras on a set X and S C T. Suppose p is a 
measure on (X, S), u2 is a measure on (X, T), and pı(E) = p2(E) for all 
E € S. Prove that if f : X — [0, œ] is S-measurable, then f f du, = f f dp. 


For x1,X2,... a sequence in |[— œ, œ], define lim inf x; by 
— o 


lim inf x, = lim inf{x,,x,41,-.-}- 
k— œ k— œ 


Note that inf{ xk, Xk+1, - - - } is an increasing function of k; thus the limit above 
on the right exists in [— œ, oo]. 


17 


Suppose that (X, S, j1) is a measure space and f), f2, . . . is a sequence of non- 
negative S-measurable functions on X. Define a function f: X — [0,00] by 


f(x) = lim inf fx(2). 


(a) Show that f is an S-measurable function. 
(b) Prove that 


ffan < liminf | fy dp. 
k— oœ 


(c) Give an example showing that the inequality in (b) can be a strict inequality 
even when ji(X) < œ and the family of functions { fẹ },<z+ is uniformly 
bounded. 


[The result in (b) is called Fatou’s Lemma. Some textbooks prove Fatou’s Lemma 
and then use it to prove the Monotone Convergence Theorem. Here we are taking 
the reverse approach—you should be able to use the Monotone Convergence 
Theorem to give a clean proof of Fatou’s Lemma. | 


18 


19 


20 


21 


Section 3A Integration with Respect to a Measure 87 


Give an example of a sequence x1, X2, . . . of real numbers such that 


n 
lim L x, exists in R, 
k=1 
but f x dy is not defined, where p is counting measure on Z* and x is the 
function from Z* to R defined by x(k) = xx. 


Show that if (X, S, u) is a measure space and f: X — [0, co) is S-measurable, 
then 


p(X) inf f < [fan < pA Neu y. 


Suppose (X, S, u) is a measure space and fi, f2, ... is a monotone (meaning 
either increasing or decreasing) sequence of S-measurable functions. Define 


f: X > |œ, œ] by 
f(x) = lim fel). 


Prove that if f |f1| du < œ, then 


tim f fica = | fdu. 
k= œ 


Henri Lebesgue wrote the following about his method of integration: 


I have to pay a certain sum, which I have collected in my pocket. I 
take the bills and coins out of my pocket and give them to the creditor 
in the order I find them until I have reached the total sum. This is the 
Riemann integral. But I can proceed differently. After I have taken 
all the money out of my pocket I order the bills and coins according 
to identical values and then I pay the several heaps one after the other 
to the creditor. This is my integral. 


Use 3.15 to explain what Lebesgue meant and to explain why integration of 
a function with respect to a measure can be thought of as partitioning the 
range of the function, in contrast to Riemann integration, which depends upon 
partitioning the domain of the function. 

[The quote above is taken from page 796 of The Princeton Companion to 
Mathematics, edited by Timothy Gowers. ] 
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3B Limits of Integrals & Integrals of Limits 


This section focuses on interchanging limits and integrals. Those tools allow us to 
characterize the Riemann integrable functions in terms of Lebesgue measure. We 
also develop some good approximation tools that will be useful in later chapters. 


Bounded Convergence Theorem 


We begin this section by introducing some useful notation. 


3.24 Definition integration on a subset 


Suppose (X, S, u) is a measure space and E € S. If f: X — [—co,00] is an 
S-measurable function, then af z f du is defined by 


[faa [xfa 


if the right side of the equation above is defined; otherwise i E f du is undefined. 


Alternatively, you can think of f p f du as J fle dug, where ug is the measure 
obtained by restricting y to the elements of S that are contained in E. 

Notice that according to the definition above, the notation f x f du means the same 
as f f du. The following easy result illustrates the use of this new notation. 


3.25 bounding an integral 


Suppose (X, S, u) is a measure space, E € S, and f: X — [—cv,o0] is a 
function such that f p f du is defined. Then 


| [fel < E) supl fl 


Proof Letc = sup|f|. We have 


| f.f an| = | | xf an! 


< f xelflan 


[exe du 
= cu (E), 


where the second line comes from 3.23, the third line comes from 3.8, and the fourth 
line comes from 3.15. 


IA 
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The next result could be proved as a special case of the Dominated Convergence 
Theorem (3.31), which we prove later in this section. Thus you could skip the proof 
here. However, sometimes you get more insight by seeing an easier proof of an 
important special case. Thus you may want to read the easy proof of the Bounded 
Convergence Theorem that is presented next. 


3.26 Bounded Convergence Theorem 


Suppose (X, S, y) is a measure space with p(X) < oo. Suppose fi, fo,... isa 
sequence of S-measurable functions from X to R that converges pointwise on X 
to a function f: X — R. If there exists c € (0,00) such that 


fœ) <c 


forall k € Z* and all x € X, then 


lim f fan = f f ap. 


Proof The function f is S-measurable 
by 2.48. 

Suppose c satisfies the hypothesis of 
this theorem. Let € > 0. By Egorov’s 
Theorem (2.85), there exists E € S such 
that u(X \ E) < ý and fi, fo,... con- 
verges uniformly to f on E. Now 


Note the key role of Egorov’s 
Theorem, which states that pointwise 


convergence is close to uniform 
convergence, in proofs involving 
interchanging limits and integrals. 


|f fean- f fayl =| ete fof nt fief) du 


< fio plele tf pfit fife- flay 
< É +M(E) suplfi— fl, 
E 


where the last inequality follows from 3.25. Because fy, f2, ... converges uniformly 
to f on E and u(E) < œ, the right side of the inequality above is less than e for k 
sufficiently large, which completes the proof. 


Sets of Measure 0 in Integration Theorems 
Suppose (X, S, u) is a measure space. If f,g: X — [—oco,0o] are S-measurable 


functions and 
u({x E€ X: f(x) # g(x)}) =0, 


then the definition of an integral implies that f f du = f g dy (or both integrals are 
undefined). Because what happens on a set of measure 0 often does not matter, the 
following definition is useful. 
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3.27 Definition almost every 


Suppose (X, S, u) is a measure space. A set E € S is said to contain -almost 


every element of X if u(X \ E) = 0. If the measure y is clear from the context, 
then the phrase almost every can be used (abbreviated by some authors to a. e.). 


For example, almost every real number is irrational (with respect to the usual 
Lebesgue measure on R) because |Q| = 0. 

Theorems about integrals can almost always be relaxed so that the hypotheses 
apply only almost everywhere instead of everywhere. For example, consider the 
Bounded Convergence Theorem (3.26), one of whose hypotheses is that 


lim fe(x) = f(x) 


for all x € X. Suppose that the hypotheses of the Bounded Convergence Theorem 
hold except that the equation above holds only almost everywhere, meaning there 
is a set E € S such that p(X \ E) = 0 and the equation above holds for all x € E. 
Define new functions g1, g2, . . . and g by 


_ Sfx) ifxe E, 2 [f(x) ate €&, 
ate) = {f ifxe X\E a soh ifxe X\E. 


Then 
lim g(x) = g(x) 
k= œ 
for all x € X. Hence the Bounded Convergence Theorem implies that 
lim Jsran= f gdu, 
k-00 
which immediately implies that 
lim | fea = ffan 
k— œ 
because f gx du = f fkdu and f gdu = f f dp. 


Dominated Convergence Theorem 


The next result tells us that if a nonnegative function has a finite integral, then its 
integral over all small sets (in the sense of measure) is small. 


3.28 integrals on small sets are small 


Suppose (X, S, p) is a measure space, g: X — [0,20] is S-measurable, and 
f g du < ov. Then for every € > 0, there exists ô > 0 such that 


du < 
lie 


for every set B € S such that p(B) < ô. 
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Proof Suppose € > 0. Leth: X — [0, œ) be a simple S-measurable function such 


thatO < h < g and 
fean- fhap< ss 


the existence of a function h with these properties follows from 3.9. Let 
H = max{h(x):x € X} 


and let ô > 0 be such that Hô < 5. 
Suppose B € S and u(B) < ô. Then 


Gu) ea fna 
[sa [is ) du + prd 
< f(g =h) du + Hu(B) 
€ 
<E 
as desired. 


Some theorems, such as Egorov’s Theorem (2.85) have as a hypothesis that the 
measure of the entire space is finite. The next result sometimes allows us to get 
around this hypothesis by restricting attention to a key set of finite measure. 


3.29 integrable functions live mostly on sets of finite measure 


Suppose (X, S, p) is a measure space, g: X — [0,20] is S-measurable, and 
J gdu < œ. Then for every ¢ > 0, there exists E € S such that u(E) < co and 


du < €. 
a 


Proof Suppose € > 0. Let P be an S-partition A4, ..., Am of X such that 


3.30 [su <e+L(g,P). 
Let E be the union of those A; such that inf f > 0. Then p(E) < œ (because 
j 


otherwise we would have L(g, P) = œ, which contradicts the hypothesis that 
J gdu < œ). Now 


foes” = fsan- f xgan 
< (e+ L(g,P)) Le?) 
= £, 


where the second line follows from 3.30 and the definition of the integral of a 
nonnegative function, and the last line holds because inf f = 0 for each Aj not 
contained in E. Aj 
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Suppose (X, S, u) is a measure space and fi, f2, . . . is a sequence of S-measurable 
functions on X such that limy_5o. f(x) = f (x) for every (or almost every) x € X. 
In general, it is not true that limp... f fk due = f f du (see Exercises 1 and 2). 

We already have two good theorems about interchanging limits and integrals. 
However, both of these theorems have restrictive hypotheses. Specifically, the Mono- 
tone Convergence Theorem (3.11) requires all the functions to be nonnegative and 
it requires the sequence of functions to be increasing. The Bounded Convergence 
Theorem (3.26) requires the measure of the whole space to be finite and it requires 
the sequence of functions to be uniformly bounded by a constant. 

The next theorem is the grand result in this area. It does not require the sequence 
of functions to be nonnegative, it does not require the sequence of functions to 
be increasing, it does not require the measure of the whole space to be finite, and 
it does not require the sequence of functions to be uniformly bounded. All these 
hypotheses are replaced only by a requirement that the sequence of functions is 
pointwise bounded by a function with a finite integral. 

Notice that the Bounded Convergence Theorem follows immediately from the 
result below (take g to be an appropriate constant function and use the hypothesis in 
the Bounded Convergence Theorem that p(X) < oo). 


3.31 Dominated Convergence Theorem 


Suppose (X, S, u) is a measure space, f : X — [—09, 00] is S-measurable, and 
fi, f2, . . . are S-measurable functions from X to [—0e, co] such that 


lim f(x) = f(x) 


k-00 


for almost every x € X. If there exists an S-measurable function g: X — [0,00] 
such that 


[sau <co and Ife) < g(x) 


for every k € Z* and almost every x € X, then 


lim f fay = f fap. 


Proof Suppose g: X — [0,00] satisfies the hypotheses of this theorem. If E € S, 
then 


|f fdu- f fanl =| ete- fof nt f few — f fan 
< | eflt fo fou] +] fe feae— fi fan 


3.32 <2] d | a- f duj. 
S? laps p+ |j fdu a p| 
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Case 1: Suppose p(X) < œ. 
Let e > 0. By 3.28, there exists ô > 0 such that 


€ 
3.33 fsa < 1 


for every set B € S such that u(B) < 6. By Egorov’s Theorem (2.85), there exists 
a set E € S such that p(X \ E) < ô and fi, fo,... converges uniformly to f on E. 
Now 3.32 and 3.33 imply that 


|f feau — f fan <5+|[Ui- Aan, 


Because fi, f2,... converges uniformly to f on E and u(E) < œ, the last term on 
the right is less than § for all sufficiently large k. Thus limy,. | fe du = f f dp, 
completing the proof of case 1. 

Case 2: Suppose p(X) = oo. 

Let e > 0. By 3.29, there exists E € S such that u(E) < co and 


€ 
du < —. 
eo 


The inequality above and 3.32 imply that 


|f fan- ffau <$ +] f fean- f fan. 


By case 1 as applied to the sequence fi |£, f2|g,..., the last term on the right is less 
than 5 for all sufficiently large k. Thus limy_,.. | fdu = f f dp, completing the 
proof of case 2. 


Riemann Integrals and Lebesgue Integrals 


We can now use the tools we have developed to characterize the Riemann integrable 
functions. In the theorem below, the left side of the last equation denotes the Riemann 
integral. 


3.34 Riemann integrable <=> continuous almost everywhere 


Suppose a < b and f: [a,b] — R is a bounded function. Then f is Riemann 
integrable if and only if 


|{x € [a,b] : f is not continuous at x}| = 0. 


Furthermore, if ff is Riemann integrable and A denotes Lebesgue measure on R, 
then f is Lebesgue measurable and 


b 
i f=} htt 
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Proof Suppose n € Z*. Consider the partition P, that divides [a,b] into 2” sub- 
intervals of equal size. Let I,,..., Inn be the corresponding closed subintervals, each 
of length (b — a)/2”. Let 


Qn Qn 
3.35 gn =} (inff)x, and hn = }_ (sup f)x;. 

j=l jj j j=l Ij J 

The lower and upper Riemann sums of f for the partition P, are given by integrals. 
Specifically, 


3.36 L(f, Pa, |a, b]) =J, „roA and Uf, Pa [tb] =J, yin d 


where À is Lebesgue measure on R. 

The definitions of g, and hy, given in 3.35 are actually just a first draft of the 
definitions. A slight problem arises at each point that is in two of the intervals 
l, ..., In (in other words, at endpoints of these intervals other than a and b). At 
each of these points, change the value of gy to be the infimum of f over the union 
of the two intervals that contain the point, and change the value of hn to be the 
supremum of f over the union of the two intervals that contain the point. This change 
modifies gn and hy on only a finite number of points. Thus the integrals in 3.36 are 
not affected. This change is needed in order to make 3.38 true (otherwise the two 
sets in 3.38 might differ by at most countably many points, which would not really 
change the proof but which would not be as aesthetically pleasing). 

Clearly g4 < g2 <--- is an increasing sequence of functions and, > h? > --- 
is a decreasing sequence of functions on [a,b]. Define functions f}: [a,b] + R and 
fY: [a,b] + R by 


f(x) = lim gn(x) and fY (x) = lim fin(2). 
Taking the limit as n — oo of both equations in 3.36 and using the Bounded Conver- 


gence Theorem (3.26) along with Exercise 7 in Section 1A, we see that f4 and fU 
are Lebesgue measurable functions and 


3.37  L(f,[a,b]) = I fedA and U(f, [a,b]) = | fod. 
[a,b] [a,b] 
Now 3.37 implies that f is Riemann integrable if and only if 
f (fl — fh) dA =0. 
[a,b] 
Because f'(x) < f(x) < fY (x) for all x € [a,b], the equation above holds if and 


only if 
{x € [a,b] : f7 (x) A fr(x)}] = 0. 


The remaining details of the proof can be completed by noting that 


3.38 {x € [a,b]: fY (x) A f (x)} = {x € [a,b] : f is not continuous at x}. 
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We previously defined the notation J? f to mean the Riemann integral of f. 
Because the Riemann integral and Lebesgue integral agree for Riemann integrable 


functions (see 3.34), we now redefine f . f to denote the Lebesgue integral. 


Definition 


Suppose —œ < a < b < œ and f : (a,b) — R is Lebesgue measurable. Then 


® fe f and te f(x)dx mean f, (a,b) f dA, where A is Lebesgue measure on R; 


e f; f is defined to be — o 


The definition in the second bullet point above is made so that equations such as 


[rafrr fs 


remain valid even if, for example, a < b < c. 


Approximation by Nice Functions 


In the next definition, the notation || f ||; should be || f||1,,, because it depends upon 
the measure ji as well as upon f. However, u is usually clear from the context. In 
some books, you may see the notation £!(X, S, u) instead of £1 (p). 


Suppose (X, S, u) is a measure space. If f: X —> [—co,0o] is S-measurable, 
then the L!-norm of f is denoted by || f ||, and is defined by 


Il = [flay 


The Lebesgue space L! (u) is defined by 


L! (u) = {f : f is an S-measurable function from X to R and || f ||; < co}. 


The terminology and notation used above are convenient even though ||-||, might 
not be a genuine norm (to be defined in Chapter 6). 


3.41 Example £! (u) functions that take on only finitely many values 


Suppose (X, S, u) is a measure space and Ej,...,E, are disjoint subsets of X. 
Suppose 41, . . . , An are distinct nonzero real numbers. Then 


MX, +++ +anx, E Vig) 
if and only if Ex € S and p(E;) < œ for all k € {1,...,n}. Furthermore, 
aXe, +++ + anXp ll = lalu (E1) +--+ + lanl u (En). 
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3.42 Example ¢! 


If u is counting measure on Z* and x = x1, X2, . . . is a sequence of real numbers 
(thought of as a function on Z*), then ||x||1 = D2, |xx|. In this case, £1() is 
often denoted by ¢! (pronounced little-el-one). In other words, l is the set of all 
sequences X1,X2,... of real numbers such that } g4 |xg| < oo. 


The easy proof of the following result is left to the reader. 


3.43 properties of the L'-norm 


Suppose (X, S, 4) is a measure space and f, g € £L!(p). Then 


e |ifll 2 0; 
e ||fl|ı = 0 if and only if f(x) = 0 for almost every x € X; 
© lieflh = lelllflla forall c € R; 


e [lf < Wfll + llslla- 


The next result states that every function in L1 (u) can be approximated in £1- 
norm by measurable functions that take on only finitely many values. 


3.44 approximation by simple functions 


Suppose p is a measure and f € L!(j). Then for every ¢ > 0, there exists a 


simple function g € L! (p) such that 


V=sgh <e 


Proof Suppose e > 0. Then there exist simple functions g1, g2 € L1 (u) such that 
0< gı < ft and0 < go < f~ and 


fE -s)du< $ and [E -sans 5, 


where we have used 3.9 to provide the existence of g1, 2 with these properties. 
Let g = 91 — g2. Then g is a simple function in £!(y) and 


lf — gli = 1G * -— 91) — GF - 22) lt 
Ge giant fE 82) dye 
<E 


, 


as desired. 
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e The notation L1 (R) denotes L(A), where A is Lebesgue measure on either 
the Borel subsets of R or the Lebesgue measurable subsets of R. 


e When working with £!(R), the notation || f||, denotes the integral of the 
absolute value of f with respect to Lebesgue measure on R. 


{ 3.46 Definition 
A step function is a function g: R — R of the form 
SSG a as 


where l4, ..., In are intervals of R and 44,..., An are nonzero real numbers. 


Suppose g is a step function of the form above and the intervals J4, ..., In are 
disjoint. Then 
lgl = laa] [a] + +--+ fan! |In]. 


In particular, g € L! (R) if and only if all the intervals I4, . . . , I, are bounded. 

The intervals in the definition of a step 
function can be open intervals, closed in- 
tervals, or half-open intervals. We will be 
using step functions in integrals, where 
the inclusion or exclusion of the endpoints 
of the intervals does not matter. 


Even though the coefficients 
41, . . - , An in the definition of a step 
function are required to be nonzero, 
the function 0 that is identically 0 on 
R is a step function. To see this, take 
n = 1, a = 1, andl, = Ø. 


3.47 approximation by step functions 


Suppose f € £İ(R). Then for every e > 0, there exists a step function 


g € L! (R) such that 


lF =glhi <E 


Proof Suppose € > 0. By 3.44, there exist Borel (or Lebesgue) measurable subsets 
Aj,...,An of R and nonzero numbers 44, ..., An such that |A;| < œ for all k € 
{1,...,n} and 

E 

5 


n 

|s = L tha, i. 

For each k € {1, sey ny, there is an open subset Gy of R that contains A; and 
whose Lebesgue measure is as close as we want to |A;| [by part (e) of 2.71]. Each 
open subset of R, including each G+, is a countable union of disjoint open intervals. 
Thus for each k, there is a set Eù that is a finite union of bounded open intervals 
contained in Gg whose Lebesgue measure is as close as we want to |G|. Hence for 
each k, there is a set E; that is a finite union of bounded intervals such that 
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|Ex \ Axl + |Ak \ Ex] < [Gx \ Axl + |G \ Ex! 
€ 
2|a,|n’ 


in other words, 
E 
IX, — Xz, la < jan 
Now 


n n n n 
J- Deverell, < |f- Eal +E aa E axal 


€ n 
< 2 + Llalla, z Me lle 
k=1 


<E 


Each E;, is a finite union of bounded intervals. Thus the inequality above completes 
n : : 
the proof because } %—1 AX p, 18 a step function. 


Luzin’s Theorem (2.91 and 2.93) gives a spectacular way to approximate a Borel 
measurable function by a continuous function. However, the following approximation 
theorem is usually more useful than Luzin’s Theorem. For example, the next result 
plays a major role in the proof of the Lebesgue Differentiation Theorem (4.10). 


3.48 approximation by continuous functions 


Suppose f € £1(R). Then for every £ > 0, there exists a continuous function 


g: R —> R such that 
Bao 
and {x € R : g(x) #0} is a bounded set. 


Proof For every 41,. .., ân, b1,. .-,bn,C1,.- -Cn E€ R and g1,..., gn €E LI (R), 


we have 
n 


n n 
If = 3 msll, = |f- 2 Xella T | 2 A(X, 4] -s)| 
k=1 k=1 k=1 
n n 
< ||- È xg ell, + È lael lla py og — ell 
k=1 k=1 

where the inequalities above follow 1 
from 3.43. By 3.47, we can choose 
A1,- - - , An, D1; -- -Bn C1,- --, Cn E Rto 
make || f — g1 AKX toy, olla as small 
as we wish. The figure here then 
shows that there exist continuous func- 0 i + 
tions g1,..., gn € LI(R) that make bk Ck 
Lr- lar] lX oc] — grl|1 as small as we The graph of a continuous function gy 
wish. Now take g = $ ¢_] 48k. such that IX toe, cd — gxll1 is small. 
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EXERCISES 3B 


1 Give an example of a sequence fi, fo,... of functions from Z* to (0, co) such 


that 
lim f(m) =0 


k— œ 


for every m € Z” but lim / fk du = 1, where p is counting measure on Zt. 
—0o 


2 Give an example of a sequence fi, f2,... of continuous functions from R to 
[0,1] such that 
lim f(x) = 0 


k-0o 


for every x € R but jim fh dA = œ, where A is Lebesgue measure on R. 
—> 00 


3 Suppose A is Lebesgue measure on R and f: R — R is a Borel measurable 
function such that f |f| dA < œ. Define g: R + R by 


g(x) = hes af 


Prove that g is uniformly continuous on R. 


4 (a) Suppose (X,S,p) is a measure space with p(X) < œ. Suppose that 
f: X — [0,00) is a bounded S-measurable function. Prove that 


m 
[feu = inff Y (Aj) sup f : A1, . .-, Am is an S-partition of x}. 
j=1 4 


(b) Show that the conclusion of part (a) can fail if the hypothesis that f is 
bounded is replaced by the hypothesis that f fdu < œ. 


(c) Show that the conclusion of part (a) can fail if the condition that p(X) < co 
is deleted. 


[Part (a) of this exercise shows that if we had defined an upper Lebesgue sum, 
then we could have used it to define the integral. However, parts (b) and (c) show 
that the hypotheses that f is bounded and that 1(X) < œ would be needed if 
defining the integral via the equation above. The definition of the integral via the 
lower Lebesgue sum does not require these hypotheses, showing the advantage 
of using the approach via the lower Lebesgue sum. ] 


5 Let A denote Lebesgue measure on R. Suppose f: R — R is a Borel measurable 
function such that ['|f| dA < co. Prove that 


lim | pfa= / faa. 


k— oœ 


6 Let A denote Lebesgue measure on R. Give an example of a continuous function 
f: (0,00) — R such that lim; Jo P f dà exists (in R) but So 23) f dA is not 
defined. 
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Let A denote Lebesgue measure on R. Give an example of a continuous function 
f: (0,1) — R such that limp% Ja 1) f dA exists (in R) but Jo 1) f dis not 
defined. i 

Verify the assertion in 3.38. 

Verify the assertion in Example 3.41. 


(a) Suppose (X, S, p) is a measure space such that u(X) < oo. Suppose 
p,r are positive numbers with p < r. Prove that if f: X — [0,00) is an 
S-measurable function such that f f” du < oo, then f fP du < œ. 


(b) Give an example to show that the result in part (a) can be false without the 
hypothesis that u(X) < o. 


Suppose (X, S, u) is a measure space and f € £! (u). Prove that 
{xe X: f(x) £0} 
is the countable union of sets with finite y-measure. 


Suppose 


1 
Prove that lim / fp = 0. 
ko JO 


Give an example of a sequence of nonnegative Borel measurable functions 
fi, f2- -- on [0,1] such that both the following conditions hold: 


1 
li | = 
2 Eo 0 f 


e sup f(x) = œ for every m € Z* and every x € [0,1]. 
k>m 


Let A denote Lebesgue measure on R. 

(a) Let f(x) = 1/,/x. Prove that Sio,1 fdà=2. 

(b) Let f(x) = 1/(1 + x°). Prove that fg f dÀ = 7. 

(c) Let f(x) = (sin x)/x. Show that the integral Jos) f dA is not defined 
but liM; Jo, 1) f dA exists in R. 


Prove or give a counterexample: If G is an open subset of (0,1), then XG is 
Riemann integrable on (0, 1]. 
Suppose f € L! (R). 
(a) Fort € R, define fy: R — R by fi(x) = f(x — t). Prove that 
li E =0. 
lim|| f — fella 
(b) Fort > 0, define fi: R — R by f(x) = f (tx). Prove that 
lim||f — fell = 0. 
t>1 


® 
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Does there exist a Lebesgue measurable set that fills up exactly half of each interval? 
To get a feeling for this question, consider the set E = [0, $] U [4,3] U [3,3] U [3,3]. 
This set E has the property that 


b 
|E N [0,b]| = 5 
forb = 0, 2, 7 3, 1. Does there exist a Lebesgue measurable set E C [0,1], perhaps 
constructed in a fashion similar to the Cantor set, such that the equation above holds 
for all b € [0,1]? 

In this chapter we see how to answer this question by considering differentia- 
tion issues. We begin by developing a powerful tool called the Hardy—Littlewood 
maximal inequality. This tool is used to prove an almost everywhere version of the 
Fundamental Theorem of Calculus. These results lead us to an important theorem 
about the density of Lebesgue measurable sets. 


Trinity College at the University of Cambridge in England. G. H. Hardy 
(1877-1947) and John Littlewood (1885—1977) were students and later faculty 
members here. If you have not already done so, you should read Hardy’s remarkable 
book A Mathematician’s Apology (do not skip the fascinating Foreword by C. P. 
Snow) and see the movie The Man Who Knew Infinity, which focuses on Hardy, 
Littlewood, and Srinivasa Ramanujan (1887-1920). 
CC-BY-SA Rafa Esteve 


© Sheldon Axler 2020 
S. Axler, Measure, Integration & Real Analysis, Graduate Texts 101 
in Mathematics 282, https://doi.org/10.1007/978-3-030-33143-6_4 
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4A Hardy—Littlewood Maximal Function 


Markov’s Inequality 


The following result, called Markov’s inequality, has a sweet, short proof. We will 
make good use of this result later in this chapter (see the proof of 4.10). Markov’s 
inequality also leads to Chebyshev’s inequality (see Exercise 2 in this section). 


4.1 Markov’s inequality 


Suppose (X, S, 1) is a measure space and h € L! (yu). Then 


(fx € X: |h(x)| > ef) < Żal 


for every c > 0. 


Proof Suppose c > 0. Then 


1 
X:|h 2 o i 
u({x € |n(x)| > c}) c f SEO one 


1 


Z2 
c ree 


|h| du 


IA 


1 
= lil, 


as desired. 


St. Petersburg University along the Neva River in St. Petersburg, Russia. 
Andrei Markov (1856—1922) was a student and then a faculty member here. 
CC-BY-SA A. Savin 
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Vitali Covering Lemma 


4.2 Definition 3 times a bounded nonempty open interval 


Suppose I is a bounded nonempty open interval of R. Then 3 x I denotes the 
open interval with the same center as I and three times the length of I. 


4.3 Example 3 times an interval 
If I = (0,10), then 3 x I = (—10, 20). 


The next result is a key tool in the proof of the Hardy—Littlewood maximal 
inequality (4.8). 


4.4 Vitali Covering Lemma 


Suppose J4, .. . , In is a list of bounded nonempty open intervals of R. Then there 
exists a disjoint sublist Iņ, . . . , Iķ„ such that 


hU---Ul, C B*h,)U---UG*k,). 


4.5 Example Vitali Covering Lemma 
Suppose n = 4 and 
I, = (0,10), Ib = (9,15), ÂI = (14,22), Ig = (21,31). 
Then 
3 xI = (—10,20), 3*h= (3,21), 3%» = (6,30), 3x» I, = (11,41). 


Thus 

UbhUBUYC (3% h) U (3 I4). 
In this example, J4, I4 is the only sublist of l, In, Iz, I, that produces the conclusion 
of the Vitali Covering Lemma. 


Proof of 4.4 Let kı be such that 
(Zk, | = max{|K|,..., Hal} 


Suppose ky,...,k; have been chosen. 
Let kj; be such that i. is as large 
as possible subject to the condition that 


Tepeasy Tray are disjoint. If there is no 


The technique used here is called a 
greedy algorithm because at each 


Stage we select the largest remaining 
interval that is disjoint from the 
choice of kj, such that I;,,..., kı WE | previously selected intervals. 
disjoint, then the procedure terminates. 
Because we start with a finite list, the procedure must eventually terminate after some 
number m of choices. 
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Suppose j € {1,...,2}. To complete the proof, we must show that 
Ij C (3 * I) U U (3 x Ikn). 


If j € {ky,...,km}, then the inclusion above obviously holds. 

Thus assume that j ¢ {k,,...,km}. Because the process terminated without 
selecting j, the interval J; is not disjoint from all of I} ,. . . , Ik,,- Let Ip, be the first 
interval on this list not disjoint from J;; thus J; is disjoint from I;,,..., Ik, |- Because 
j was not chosen in step L, we conclude that |Ik,| > |J;|. Because Ik, N Ij # Ø, this 
last inequality implies (easy exercise) that I; C 3 * Ik, , completing the proof. 


Hardy—Littlewood Maximal Inequality 


Now we come to a brilliant definition that turns out to be extraordinarily useful. 


4.6 Definition Hardy-Littlewood maximal function 


Suppose h: R — R is a Lebesgue measurable function. Then the Hardy- 
Littlewood maximal function of h is the function h*: R — [0,00] defined by 


In other words, h* (b) is the supremum over all bounded intervals centered at b of 
the average of |h| on those intervals. 


4.7 Example Hardy-Littlewood maximal function of Xo, 1 


As usual, let Xi denote the characteristic function of the interval [0,1]. Then 


0,1] 
1 
xy fb <0, ee Se 
* b) = : : í í R : 
(Xio,1) (b) 1 if0<b<1, oo an - 
i ie 24, 


The graph of (Xo, 1)" on [—2,3]. 
as you should verify. 


If h: R —> R is Lebesgue measurable and c € R, then {b € R : h* (b) > c} is 
an open subset of R, as you are asked to prove in Exercise 9 in this section. Thus h* 
is a Borel measurable function. 

Suppose h € L'(R) and c > 0. Markov’s inequality (4.1) estimates the size of 
the set on which |h| is larger than c. Our next result estimates the size of the set on 
which h* is larger than c. The Hardy—Littlewood maximal inequality proved in the 
next result is a key ingredient in the proof of the Lebesgue Differentiation Theorem 
(4.10). Note that this next result is considerably deeper than Markov’s inequality. 
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4.8 Hardy-Littlewood maximal inequality 


Suppose h € £!(R). Then 


$ 3 
|{b E€ R : k* (b) > c}| < = Mal 


for every c > 0. 


Proof Suppose F is a closed bounded subset of {b € R : h*(b) > c}. We will 
show that |F| < 3 f% h|, which implies our desired result [see Exercise 24(a) in 


Section 2D]. 
For each b € F, there exists t, > 0 such that 
1 b+t, 
4.9 Ea I Ia] >c. 
2t, b—t, 
Clearly 


Fc J (b — tb + ty). 
beF 


The Heine—Borel Theorem (2.12) tells us that this open cover of a closed bounded set 
has a finite subcover. In other words, there exist by,...,b, € F such that 


Fc (by = tp, b1 + tp,) U.U (bn — ty, bn + tp, )- 


To make the notation cleaner, relabel the open intervals above as Iy,..., In. 
Now apply the Vitali Covering Lemma (4.4) to the list I1,...,In, producing a 
disjoint sublist I% ,. . . , Iķ„ such that 


E A a A 
Thus 
IF| < |h UU Inl 
< |(8 * Iq) U ++ U (3 * Tey )| 
< |3 * | H H l3 * Ley | 
= 3(|Ia] + + Len!) 


3 
<O tlt f M) 
Ty Than 
<?f Ih 
C J—=œ 


where the second-to-last inequality above comes from 4.9 (note that lIl = 2t, for 


> 


the choice of b corresponding to Tk,) and the last inequality holds because Ij,,..., Ip, 
are disjoint. 
The last inequality completes the proof. 
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EXERCISES 4A 


Suppose (X, S, u) is a measure space and h: X — R is an S-measurable 
function. Prove that 


1 
w({x E€ X:|h(x)| > e}) <> fil? dy 
for all positive numbers c and p. 


Suppose (X, S, 4) is a measure space with p(X) = 1 and h € L!(). Prove 
that 


u({x ex: pe- fran] > c}) < 3 (Jau (fan) ) 


for all c > 0. 

[The result above is called Chebyshev’s inequality; it plays an important role 
in probability theory. Pafnuty Chebyshev (1821—1894) was Markov’s thesis 
advisor. | 


Suppose (X, S, 4) is a measure space. Suppose h € £! (u) and ||h||; > 0. 
Prove that there is at most one number c € (0,00) such that 
1 
u({x € X : |h(x)| 2 ch) = zlila. 
Show that the constant 3 in the Vitali Covering Lemma (4.4) cannot be replaced 
by a smaller positive constant. 


Prove the assertion left as an exercise in the last sentence of the proof of the 
Vitali Covering Lemma (4.4). 


Verify the formula in Example 4.7 for the Hardy—Littlewood maximal function 
of Xio, 17 


Find a formula for the Hardy—Littlewood maximal function of the characteristic 
function of [0,1] U [2,3]. 


Find a formula for the Hardy—Littlewood maximal function of the function 
h: R — [0, œ) defined by 


i <x< 
m= {3 ifO<x<1, 


0 otherwise. 


Suppose h: R — R is Lebesgue measurable. Prove that 
{bE R:h*(b) >c} 


is an open subset of R for every c € R. 


10 


11 


12 
13 
14 
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Prove or give a counterexample: If h: R — [0, œœ) is an increasing function, 
then h* is an increasing function. 


Give an example of a Borel measurable function h: R — [0, œ) such that 
h*(b) < œ forall b € R but sup{h*(b) : b € R} = œ. 


Show that |{b € R : h* (b) = œ}| = 0 for every h € L1 (R). 
Show that there exists h € L! (R) such that h* (b) = œ for every b € Q. 


Suppose h € L! (R). Prove that 
g 3 
{b € R: K () > c}| < Ĉif 


for every c > 0. 

[This result slightly strengthens the Hardy—Littlewood maximal inequality (4.8) 
because the set on the left side above includes those b € R such that h* (b) = c. 
A much deeper strengthening comes from replacing the constant 3 in the Hardy- 
Littlewood maximal inequality with a smaller constant. In 2003, Antonios 
Melas answered what had been an open question about the best constant. He 
proved that the smallest constant that can replace 3 in the Hardy—Littlewood 
maximal inequality is (11 + V61) /12 ~ 1.56752; see Annals of Mathematics 
157 (2003), 647-688. ] 
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4B Derivatives of Integrals 


Lebesgue Differentiation Theorem 


The next result states that the average amount by which a function in £!(R) differs 
from its values is small almost everywhere on small intervals. The 2 in the denomi- 
nator of the fraction in the result below could be deleted, but its presence makes the 
length of the interval of integration nicely match the denominator 2t. 

The next result is called the Lebesgue Differentiation Theorem, even though no 
derivative is in sight. However, we will soon see how another version of this result 
deals with derivatives. The hard work takes place in the proof of this first version. 


410 Lebesgue Differentiation Theorem, first version 


Suppose f € £1(R). Then 


1 


b+t 
f= F@)| =0 


im — 
HO 2t Jp— 


for almost every b € R. 


Before getting to the formal proof of this first version of the Lebesgue Differen- 
tiation Theorem, we pause to provide some motivation for the proof. If b € R and 
t > 0, then 3.25 gives the easy estimate 


1 ott 
i Sg VAIS sept lf) — FOL: la — bl < th. 
If f is continuous at b, then the right side of this inequality has limit 0 as t | 0, 
proving 4.10 in the special case in which f is continuous on R. 

To prove the Lebesgue Differentiation Theorem, we will approximate an arbitrary 
function in £! (R) by a continuous function (using 3.48). The previous paragraph 
shows that the continuous function has the desired behavior. We will use the Hardy— 
Littlewood maximal inequality (4.8) to show that the approximation produces ap- 
proximately the desired behavior. Now we are ready for the formal details of the 
proof. 


Proof of 4.10 Let d > 0. By 3.48, for each k € Z* there exists a continuous 
function hy: R — R such that 


ô 
4.11 —h —- 
II ella < Kak 


Let 
Be = {b ER : |f (b) —hy(b)| < Ẹ and (f —hy)*(b) < $} 
Then 


412 R\Be={bER: |f(b) —hy(b)| > t}U{b ER: (f— hy)” (b) > t}. 
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Markov’s inequality (4.1) as applied to the function f — hg and 4.11 imply that 
ô 
4.13 |{b € R : |f(b) — nb) > BI < = 


The Hardy—Littlewood maximal inequality (4.8) as applied to the function f — hg 
and 4.11 imply that 


36 
4.14 |{b E R: (f — m)" (b) > BI < SE 
Now 4.12, 4.13, and 4.14 imply that 
[IR \ B] < 32 
Let ” 
B = f B. 
k=1 
Then 
415 R\BI=[UR\Bo| < VIR\B <} y= 
k=1 C am 


Suppose b € B and t > 0. Then for each k € Z* we have 
1 ott 1 pb+t 
ri = <5 
a PONS ae ff, (Uf tal + Vc al) + IB) — F(0)1) 
E 1 ott 
F-a) (5 f, Me — e(B)1) + Il) — O)| 
b—t 
2 1 bot 
<= +> hy — h (b)|. 
<itz [hx — hg(b)| 
Because hx is continuous, the last term is less than ł for all £ > 0 sufficiently close to 


0 (how close is sufficiently close depends upon k). In other words, for each k € Z+, 
we have 


IA 


1 b+t 


=f, f-FOl< 


for all t > 0 sufficiently close to 3 
Hence we conclude that 


1 
lim 
TE “f- fb) = 
for all b € B. 
Let A denote the set of numbers a € R such that 
tim > | If- f(a) 


either does not exist or is nonzero. We have shown that A C (R \ B). Thus 
|A| < |R \B| < 46, 


where the last inequality comes from 4.15. Because ô is an arbitrary positive number, 
the last inequality implies that |A| = 0, completing the proof. 
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Derivatives 


You should remember the following definition from your calculus course. 


4.16 Definition derivative 


Suppose g: I — R is a function defined on an open interval I of R and b € I. 
The derivative of g at b, denoted g'(b), is defined by 


OV 


t-0 


b+t)-—g(b) 
t 


if the limit above exists, in which case g is called differentiable at b. 


We now turn to the Fundamental Theorem of Calculus and a powerful extension 
that avoids continuity. These results show that differentiation and integration can be 
thought of as inverse operations. 

You saw the next result in your calculus class, except now the function f is 
only required to be Lebesgue measurable (and its absolute value must have a finite 
Lebesgue integral). Of course, we also need to require f to be continuous at the 
crucial point b in the next result, because changing the value of f at a single number 
would not change the function g. 


4.17 Fundamental Theorem of Calculus 


Suppose f € L1 (R). Define g: R > R by 


ele 


Suppose b € R and f is continuous at b. Then g is differentiable at b and 


Proof Ift #0, then 


b+t ¢ pb 
oo f(0)| = ree. ro) 
= |b - fo) 
148 = A UO) 


< sup _—[f (x) — fb). 
{xeR: |x—b|<|E]} 


If ¢ > 0, then by the continuity of f at b, the last quantity is less than e for t 
sufficiently close to 0. Thus g is differentiable at b and g'(b) = f(b). 
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A function in £!(R) need not be continuous anywhere. Thus the Fundamental 
Theorem of Calculus (4.17) might provide no information about differentiating the 
integral of such a function. However, our next result states that all is well almost 
everywhere, even in the absence of any continuity of the function being integrated. 


4.19 Lebesgue Differentiation Theorem, second version 


Suppose f € L! (R). Define g: R > R by 


W= 


Then g'(b) = f(b) for almost every b € R. 


Proof Suppose t Æ 0. Then from 4.18 we have 
g(b+t)— sb) roj = |e =F) 
t t 


1 pbtt 

<ih V-O 
1 fb+t 

<7 h, -rOl 


for all b € R. By the first version of the Lebesgue Differentiation Theorem (4.10), 
the last quantity has limit 0 as t — 0 for almost every b € R. Thus g'(b) = f (b) for 
almost every b € R. 


Now we can answer the question raised on the opening page of this chapter. 


4.20 no set constitutes exactly half of each interval 


There does not exist a Lebesgue measurable set E C [0,1] such that 


b 
BA H= 5 


for all b € [0,1]. 


Proof Suppose there does exist a Lebesgue measurable set E C [0,1] with the 
property above. Define g: R — R by 


g(b) = IES 


Thus g(b) = Ł for all b € [0,1]. Hence g'(b) = 4 for all b € (0,1). 

The Lebesgue Differentiation Theorem (4.19) implies that g’(b) = x,(b) for 
almost every b € R. However, Xç never takes on the value i, which contradicts the 
conclusion of the previous paragraph. This contradiction completes the proof. 
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The next result says that a function in £1 (R) is equal almost everywhere to the 
limit of its average over small intervals. These two-sided results generalize more 
naturally to higher dimensions (take the average over balls centered at b) than the 
one-sided results. 


2i Æ (R) function equals its local average almost everywhere 


Suppose f € L! (R). Then 


b i 1 b+t 
OT os i= 


for almost every b € R. 


Proof Suppose t > 0. Then 


Giaa o] 


The desired result now follows from the first version of the Lebesgue Differentiation 
Theorem (4.10). 


Again, the conclusion of the result above holds at every number b at which f is 
continuous. The remarkable part of the result above is that even if f is discontinuous 
everywhere, the conclusion holds for almost every real number b. 


Density 


The next definition captures the notion of the proportion of a set in small intervals 
centered at a number b. 


Suppose E C R. The density of E at a number b € R is 


lim JEN (b—t,b+t)| 
t40 2t 


if this limit exists (otherwise the density of E at b is undefined). 


4.23 Example density of an interval 
if b € (0,1), 
ifb =Oorb=1, 


otherwise. 


The density of [0,1] atb = 


O ne e 
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The next beautiful result shows the power of the techniques developed in this 
chapter. 


4.24 Lebesgue Density Theorem 


Suppose E C R is a Lebesgue measurable set. Then the density of E is 1 at 
almost every element of E and is 0 at almost every element of R \ E. 


Proof First suppose |E| < co. Thus x, € £1(R). Because 
JEN (b—t,b+t)| 1 pH 


2 H Jp “E 

for every t > 0 and every b € R, the desired result follows immediately from 4.21. 

Now consider the case where |E| = co [which means that x, É L1 (R) and hence 
4.21 as stated cannot be used]. For k € Z*, let Ep = E N (—k,k). If |b| < k, then the 
density of E at b equals the density of E% at b. By the previous paragraph as applied 
to E;, there are sets Fy C Ey and Gy C R \ Ex such that |F,| = |G| = 0 and the 
density of Ex equals 1 at every element of Ex \ Fy and the density of Eg equals 0 at 
every element of (R \ Ex) \ Gr. 

Let F = Uy Fk and G = Uf, Gy. Then |F| = |G| = 0 and the density of E is 
1 at every element of E \ F and is 0 at every element of (R \ E) \ G. 


The bad Borel set provided by the next 
result leads to a bad Borel measurable 
function. Specifically, let E be the bad 
Borel set in 4.25. Then x, is a Borel 
measurable function that is discontinuous 
everywhere. Furthermore, the function x, 
cannot be modified on a set of measure 0 
to be continuous anywhere (in contrast to 
the function Xa). 

Even though the function x, discussed in the paragraph above is continuous 
nowhere and every modification of this function on a set of measure 0 is also continu- 
ous nowhere, the function g defined by 


(6) = [x 


is differentiable almost everywhere (by 4.19). 
The proof of 4.25 given below is based on an idea of Walter Rudin. 


The Lebesgue Density Theorem 
makes the example provided by the 
next result somewhat surprising. Be 
sure to spend some time pondering 
why the next result does not 
contradict the Lebesgue Density 
Theorem. Also, compare the next 
result to 4.20. 


4.25 bad Borel set 


There exists a Borel set E C R such that 


0<|ENI| < 


for every nonempty bounded open interval I. 
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Proof We use the following fact in our construction: 


4.26 Suppose G is a nonempty open subset of R. Then there exists a closed set 
F C G\ Q such that |F| > 0. 


To prove 4.26, let J be a closed interval contained in G such that 0 < |J|. Let 
rı, f2,... be a list of all the rational numbers. Let 


j JI Jl 
F= INU a2 Tk cea 


Then F is a closed subset of R and F C J \Q C G\Q. Also, 


because J \ F CUR, (rx — aT + I) Thus 


J\F| < 3lJ| 


|F| = |J|-|F\ F| > 3IJ| > 0, 


completing the proof of 4.26. 

To construct the set E with the desired properties, let I), I2, ... be a sequence 
consisting of all nonempty bounded open intervals of R with rational endpoints. Let 
Fo = Ê = @, and inductively construct sequences F,, Fz, . . . and Ê, Ê, ... of closed 


subsets of R as follows: Suppose n € Z+ and Fo,...,F,—1 and Ĥ,..., Ê„—1 have 
been chosen as closed sets that contain no rational numbers. Thus 


In\ (FoU...UB,_1) 


is a nonempty open set (nonempty because it contains all rational numbers in Iņ). 
Applying 4.26 to the open set above, we see that there is a closed set F, contained in 
the set above such that F, contains no rational numbers and |F,| > 0. Applying 4.26 
again, but this time to the open set 


Lau. Ry 


which is nonempty because it contains all rational numbers in I,, we see that there is 
a closed set Ê, contained in the set above such that Ê, contains no rational numbers 
and A >0. 

Now let 


E= |] Fe 
k=1 


Our construction implies that F, N Ê, = Ø for all k,n € Z+. Thus EN Ê, = Ø for 
alln € Z*. Hence F, C In \ E forall n € Z+. 
Suppose I is a nonempty bounded open interval. Then I, C I for some n € Z+. 
Thus 
0< |F| < JENO h| < EAI. 


Also, 
JEN I| = [I| — M \ E| < [Z| —Un\ El < H|- [En] < [I], 


completing the proof. 
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EXERCISES 4B 


For f € £L1(R) and I an interval of R with 0 < |I| < ©, let fy denote the 
average of f on I. In other words, fy = i Ji f: 


1 


© Se NH 


10 


Suppose f € £1(R). Prove that 
1 b+t 
ner i lf — fib- v+] =0 
for almost every b € R. 


Suppose f € £1(R). Prove that 
1 oe i 
a sup{ Fi 1 |f — frl : I is an interval of length t containing b} =0 
t I 


for almost every b € R. 


Suppose f : R — R is a Lebesgue measurable function such that fP eL! (R). 
Prove that 


ii 1 pbtt nz =0 
mahat Ir 
for almost every b € R. 


Prove that the Lebesgue Differentiation Theorem (4.19) still holds if the hypoth- 
esis that [| f| < œ is weakened to the requirement that f* |f| < co for all 
xER. 


Suppose f : R — R is a Lebesgue measurable function. Prove that 


If) < f) 
for almost every b € R. 
Prove that if h € L! (R) and f°. = 0 for all s € R, then h = 0. 
Give an example of a Borel subset of R whose density at 0 is not defined. 
Give an example of a Borel subset of R whose density at 0 is 5 


Prove that if t € [0,1], then there exists a Borel set E C R such that the density 
of E at Ois t. 


Suppose E is a Lebesgue measurable subset of R such that the density of E 
equals 1 at every element of E and equals 0 at every element of R \ E. Prove 
that E = or E =R. 
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Product Measures 


Lebesgue measure on R generalizes the notion of the length of an interval. In this 
chapter, we see how two-dimensional Lebesgue measure on R? generalizes the notion 
of the area of a rectangle. More generally, we construct new measures that are the 
products of two measures. 

Once these new measures have been constructed, the question arises of how to 
compute integrals with respect to these new measures. Beautiful theorems proved in 
the first decade of the twentieth century allow us to compute integrals with respect to 
product measures as iterated integrals involving the two measures that produced the 
product. Furthermore, we will see that under reasonable conditions we can switch 
the order of an iterated integral. 


Main building of Scuola Normale Superiore di Pisa, the university in Pisa, Italy, 
where Guido Fubini (1879-1943) received his PhD in 1900. In 1907 Fubini proved 
that under reasonable conditions, an integral with respect to a product measure can 
be computed as an iterated integral and that the order of integration can be switched. 
Leonida Tonelli (1885—1943) also taught for many years in Pisa; he also proved a 
crucial theorem about interchanging the order of integration in an iterated integral. 
CC-BY-SA Lucarelli 
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5A Products of Measure Spaces 


Products of o-Algebras 


Our first step in constructing product measures is to construct the product of two 
g-algebras. We begin with the following definition. 


Keep the figure shown here in mind 
when thinking of a rectangle in the sense 
defined above. However, remember that 
A and B need not be intervals as shown 
in the figure. Indeed, the concept of an 
interval makes no sense in the generality 
of arbitrary sets. 


jes] 


AxB 


Now we can define the product of two o-algebras. 


Suppose (X, S) and (Y, T) are measurable spaces. Then 


e the product S ® T is defined to be the smallest -algebra on X x Y that 
contains 


{AxB:AES,BET}; 


e a measurable rectangle in S ® T is a set of the form A x B, where A € S 
and Be TJ. 


Using the terminology introduced in 
the second bullet point above, we can say 
that S © T is the smallest -algebra con- 
taining all the measurable rectangles in 
SQT. Exercise 1 in this section asks 
you to show that the measurable rectan- 
gles in S @ T are the only rectangles in 
X x Y that areinS @T. 

The notion of cross sections plays a crucial role in our development of product 
measures. First, we define cross sections of sets, and then we define cross sections of 
functions. 


The notation S x T is not used 
because S and T are sets (of sets), 
and thus the notation S x T 


already is defined to mean the set of 
all ordered pairs of the form (A,B), 
where A € SandBeT. 
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5.3 Definition cross sections of sets; |E], and [E]? 


Suppose X and Y are sets and E C X x Y. Then for a € X and b € Y, the cross 
sections [E]q and [E]? are defined by 


[E]a = {y E Y : (a,y) €E} and [E]? = {x € X : (x,b) € E}. 


5.4 Example cross sections of a subset of X x Y 


Y Y 


5.5 Example cross sections of rectangles 
Suppose X and Y are sets and A C X and B C Y. Ifa € X and b € Y, then 


[Ax Bly = B we a aid [A x B]? = A TEED 
© ifagA © ifb¢B, 


as you should verify. 


The next result shows that cross sections preserve measurability. 


5.6 cross sections of measurable sets are measurable 


Suppose S is a -algebra on X and J is a c-algebra on Y. If E € S & T, then 


[E]a € T foreverya €X and [E]? € S for every b € Y. 


Proof Let E denote the collection of subsets E of X x Y for which the conclusion 
of this result holds. Then A x B € € forall A € S and all B € T (by Example 5.5). 
The collection € is closed under complementation and countable unions because 


[(X x Y)\ Ela =Y\ [Ela 
and 
[E1 U E2 U+- Ja = [Ela U [E] U + 


for all subsets E, E1, E2,... of X x Y and all a € X, as you should verify, with 
similar statements holding for cross sections with respect to all b € Y. 

Because £ is a g-algebra containing all the measurable rectangles in S ® 7, we 
conclude that € contains S @ T. 
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Now we define cross sections of functions. 


| 


Suppose X and Y are sets and f : X x Y — R is a function. Then for a € X and 


b € Y, the cross section functions [f]a: Y + R and [f]’: X — R are defined 
by 


E = f(a,y)fory€Y and [f]’(x) = f(x,b) for x € X. 


5.8 Example cross sections 
e Suppose f: R x R — R is defined by f(x,y) = 5x? + y’. Then 
[flo(y) =20+y° and [f] (x) = 5x" +27 
for all y € R and all x € R, as you should verify. 
e Suppose X and Y are sets and A C X and B C Y. Ifa € X and b € Y, then 
ax pla =X4(1)Xp and [X4 gl” =Xp(b)x,. 


as you should verify. 


The next result shows that cross sections preserve measurability, this time in the 
context of functions rather than sets. 


5.9 cross sections of measurable functions are measurable 


Suppose S is a g-algebra on X and J is a o-algebra on Y. Suppose 
f: X xY > Ris an S © T -measurable function. Then 


[fla is a J -measurable function on Y for every a € X 


[f]? is an S-measurable function on X for every b € Y. 


Proof Suppose D is a Borel subset of R anda € X. If y € Y, then 
y € (Fla) (D) = [flaly) €D 
<= flay) ED 
<> (a,y) € f-1(D) 
<> ye [fF (Dh. 
Thus 
(Lla) (D) = [f7 (D)]a. 
Because f is an S ® T -measurable function, f~t (D) € S & T. Thus the equation 


above and 5.6 imply that ([f]2)~!(D) € T. Hence [f]a is a T-measurable function. 
The same ideas show that [f]” is an S-measurable function for every b € Y. 
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Monotone Class Theorem 


The following standard two-step technique often works to prove that every set in a 
o-algebra has a certain property: 


1. show that every set in a collection of sets that generates the o-algebra has the 
property; 
2. show that the collection of sets that has the property is a g-algebra. 


For example, the proof of 5.6 used the technique above—first we showed that every 
measurable rectangle in S ® T has the desired property, then we showed that the 
collection of sets that has the desired property is a v-algebra (this completed the proof 
because S Q T is the smallest o-algebra containing the measurable rectangles). 

The technique outlined above should be used when possible. However, in some 
situations there seems to be no reasonable way to verify that the collection of sets 
with the desired property is a g-algebra. We will encounter this situation in the next 
subsection. To deal with it, we need to introduce another technique that involves 
what are called monotone classes. 

The following definition will be used in our main theorem about monotone classes. 


5.10 Definition algebra 


Suppose W is a set and A is a set of subsets of W. Then A is called an algebra 
on W if the following three conditions are satisfied: 


e DEA; 


e if E € A, then W \E € A; 


e if E and F are elements of A, then EU F € A. 


Thus an algebra is closed under complementation and under finite unions; a 
-algebra is closed under complementation and countable unions. 


5.11 Example collection of finite unions of intervals is an algebra 


Suppose A is the collection of all finite unions of intervals of R. Here we are in- 
cluding all intervals—open intervals, closed intervals, bounded intervals, unbounded 
intervals, sets consisting of only a single point, and intervals that are neither open nor 
closed because they contain one endpoint but not the other endpoint. 

Clearly A is closed under finite unions. You should also verify that A is closed 
under complementation. Thus A is an algebra on R. 


5.12 Example collection of countable unions of intervals is not an algebra 


Suppose A is the collection of all countable unions of intervals of R. 

Clearly A is closed under finite unions (and also under countable unions). You 
should verify that A is not closed under complementation. Thus A is neither an 
algebra nor a o-algebra on R. 
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5.13 the set of finite unions of measurable rectangles is an algebra 


Suppose (X,S) and (Y, 7 ) are measurable spaces. Then 


(a) the set of finite unions of measurable rectangles in S ® T is an algebra 
on X xY; 


(b) every finite union of measurable rectangles in S & T can be written as a 
finite union of disjoint measurable rectangles in S ® 7. 


Proof Let A denote the set of finite unions of measurable rectangles in S ® T. 
Obviously A is closed under finite unions. 

The collection A is also closed under finite intersections. To verify this claim, 
note that if A4, .. ., An, C1, - --, Cm € S and By,...,By,D4,...,Dm E T, then 


((41 x B1) U +++ U (An x Bn)) (Ca x Dy) U -++ U (Cm x Dm) ) 
CxD 


Cia 
Cs 


((4j x Bj) 9 (Ck Di) 


sa 
ll 
eA 
= 
ll 
m 


CIOE (Bj Dy), AxB 


|i 
‘es 
Ces 


a 
ll 
un 
= 
ll 
m 


Intersection of two rectangles is a rectangle. 


which implies that A is closed under finite intersections. 
If A € SandB € 7, then 


(Xx Y)\(AxB) = ((x\ A) xY) u(xx (\B)). 


Hence the complement of each measurable rectangle in S & T is in A. Thus the 
complement of a finite union of measurable rectangles in S ® T is in A (use De 
Morgan’s Laws and the result in the previous paragraph that A is closed under finite 
intersections). In other words, A is closed under complementation, completing the 
proof of (a). 

To prove (b), note that if A x B and C x D are measurable rectangles in S Q T, 
then (as can be verified in the figure above) 


5.14 (A x B)U (C x D) = (Ax B)U (Cx (D\B)) U((C\ A) x (BD). 


The equation above writes the union of two measurable rectangles in S ® 7 as the 
union of three disjoint measurable rectangles in S © T. 

Now consider any finite union of measurable rectangles in S © 7. If this is not 
a disjoint union, then choose any nondisjoint pair of measurable rectangles in the 
union and replace those two measurable rectangles with the union of three disjoint 
measurable rectangles as in 5.14. Iterate this process until obtaining a disjoint union 
of measurable rectangles. 
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Now we define a monotone class as a collection of sets that is closed under 
countable increasing unions and under countable decreasing intersections. 


5.15 Definition monotone class 


Suppose W is a set and M is a set of subsets of W. Then M is called a monotone 
class on W if the following two conditions are satisfied: 


foe) 
e If E} C E2 C - - - is an increasing sequence of sets in M, then U E, E M; 
k=1 


œo 
e If E1 D E2 D --- is a decreasing sequence of sets in M, then N E, E M. 
k=l 


Clearly every -algebra is a monotone class. However, some monotone classes 
are not closed under even finite unions, as shown by the next example. 


5.16 Example a monotone class that is not an algebra 


Suppose A is the collection of all intervals of R. Then A is closed under countable 
increasing unions and countable decreasing intersections. Thus A is a monotone 
class on R. However, A is not closed under finite unions, and A is not closed under 
complementation. Thus A is neither an algebra nor a o-algebra on R. 


If A is a collection of subsets of some set W, then the intersection of all mono- 
tone classes on W that contain A is a monotone class that contains A. Thus this 
intersection is the smallest monotone class on W that contains A. 

The next result provides a useful tool when the standard technique for showing 
that every set in a g-algebra has a certain property does not work. 


5.17 Monotone Class Theorem 


Suppose A is an algebra on a set W. Then the smallest c-algebra containing A 
is the smallest monotone class containing A. 


Proof Let M denote the smallest monotone class containing A. Because every g- 
algebra is a monotone class, M is contained in the smallest o-algebra containing A. 
To prove the inclusion in the other direction, first suppose A € A. Let 


E={EEM:AVEEM}. 


Then A C € (because the union of two sets in A is in A). A moment’s thought 
shows that € is a monotone class. Thus the smallest monotone class that contains A 
is contained in E£, meaning that M C E. Hence we have proved that A U E € M 
for every E € M. 
Now let 
D={DEM:DUE € M forall E € M}. 
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The previous paragraph shows that A C D. A moment’s thought again shows that D 
is a monotone class. Thus, as in the previous paragraph, we conclude that M C D. 
Hence we have proved that DUE € M for all D,E € M. 

The paragraph above shows that the monotone class M is closed under finite 
unions. Now if E4, E2,... E€ M, then 


E1 UE,UE3U--- = E4 U (E1 U E2) U (E1 U E2 U E3) U+, 


which is an increasing union of a sequence of sets in M (by the previous paragraph). 
We conclude that M is closed under countable unions. 
Finally, let 
M'={EE€EM:W\E €M}. 


Then A C M’ (because A is closed under complementation). Once again, you 
should verify that M’ is a monotone class. Thus M C M’. We conclude that M is 
closed under complementation. 

The two previous paragraphs show that M is closed under countable unions and 
under complementation. Thus M is a o-algebra that contains A. Hence M contains 
the smallest -algebra containing A, completing the proof. 


Products of Measures 


The following definitions will be useful. 


5.18 Definition finite measure; c-finite measure 


e A measure y on a measurable space (X, S) is called finite if u(X) < œ. 


e A measure is called g-finite if the whole space can be written as the countable 
union of sets with finite measure. 


e More precisely, a measure y on a measurable space (X, S) is called o-finite 
if there exists a sequence X4, X2,... of sets in S such that 


Cc 
X= |JX, and p(X) < œ for every k € Z*. 
k=í 


5.19 Example finite and o-finite measures 


e Lebesgue measure on the interval [0,1] is a finite measure. 
e Lebesgue measure on R is not a finite measure but is a o-finite measure. 


e Counting measure on R is not a g-finite measure (because the countable union 
of finite sets is a countable set). 
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The next result will allow us to define the product of two o-finite measures. 


5.20 measure of cross section is a measurable function 


Suppose (X,S, u) and (Y,7,v) are o-finite measure spaces. If EE S@T, 
then 


(a) x ++ v([E],) is an S-measurable function on X; 


(b) y+ p([E]¥) is a 7 -measurable function on Y. 


Proof We will prove (a). If E € S @ T, then [E], € T for every x € X (by 5.6); 
thus the function x +> v([E],) is well defined on X. 
We first consider the case where v is a finite measure. Let 


M ={E€S@T:x+> v([E],) is an S-measurable function on X}. 


We need to prove that M = SQT. 

If A € S and B € T, then v([A x B]y) = v(B)x ,(x) for every x € X (by 
Example 5.5). Thus the function x ++ v([A x B]x) equals the function v(B)x , (as 
a function on X), which is an S-measurable function on X. Hence M contains all 
the measurable rectangles in S @ T. 

Let A denote the set of finite unions of measurable rectangles in S & T. Suppose 
E € A. Then by 5.13(b), E is a union of disjoint measurable rectangles E1,...,Ey. 
Thus 


v([E]x) v([E1 U -++ UEn]x) 
v([E1]x erst [En|x) 


v([EyJx) +++: +v([En]x), 


where the last equality holds because v is a measure and [E,]x,..., [En]x are disjoint. 
The equation above, when combined with the conclusion of the previous paragraph, 
shows that x ++ v([E]x) is a finite sum of S-measurable functions and thus is an 
S-measurable function. Hence E € M. We have now shown that A C M. 

Our next goal is to show that M is a monotone class on X x Y. To do this, first 


suppose E4 C Ez C --- is an increasing sequence of sets in M. Then 
v((U Eds) =v(U (Eds) 
k=1 k=1 
= lim v((Exlx). 
k- co 


where we have used 2.59. Because the pointwise limit of S-measurable functions 
is S-measurable (by 2.48), the equation above shows that x +> v(i Exlz) is 
an S-measurable function. Hence U% 4 Ep E€ M. We have now shown that M is 
closed under countable increasing unions. 
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Now suppose E1 > E? D --- is a decreasing sequence of sets in M. Then 


where we have used 2.60 (this is where we use the assumption that v is a finite 
measure). Because the pointwise limit of S-measurable functions is S-measurable 
(by 2.48), the equation above shows that x +> v( [NX Ex]x) is an S-measurable 
function. Hence N4 Eg E€ M. We have now shown that M is closed under 
countable decreasing intersections. 

We have shown that M is a monotone class that contains the algebra A of all 
finite unions of measurable rectangles in S & 7 [by 5.13(a), A is indeed an algebra]. 
The Monotone Class Theorem (5.17) implies that M contains the smallest v-algebra 
containing A. In other words, M contains S ® T. This conclusion completes the 
proof of (a) in the case where v is a finite measure. 

Now consider the case where v is a g-finite measure. Thus there exists a sequence 
Yi, Yo,... of sets in T such that Ue, Yk = Y and v(Y¥;) < œ for each k € Z*. 
Replacing each Y, by Yı U---U Yp, we can assume that Y; C Yo C +. If 
E E€ SQT, then 

v([E]x) = jim v([EN (X x Yk)]x). 
The function x ++ v (|E N (X x Y;)]x) is an S-measurable function on X, as follows 
by considering the finite measure obtained by restricting v to the o-algebra on Y% 
consisting of sets in 7 that are contained in Y;. The equation above now implies that 
x ++ v([E]x) is an S-measurable function on X, completing the proof of (a). 
The proof of (b) is similar. 


5.21 Definition integration notation 


Suppose (X, S, u) is a measure space and g: X — [—o0, 00] is a function. The 
notation 


[se du(x) means [su 


where dy(x) indicates that variables other than x should be treated as constants. 


5.22 Example integrals 


If A is Lebesgue measure on [0,4], then 
64 
2 2 2 
My) =4x°+8 and f dA(x) = Z + 4y, 
fel tA =s and f OP ty) Arle) Hy 


The intent in the next definition is that fy fy f(x,y) dv(y) du(x) is defined only 
when the inner integral and then the outer integral both make sense. 
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5.23 Definition iterated integrals 


Suppose (X, S, u) and (Y,7,v) are measure spaces and f: X x Y > Risa 
function. Then 


f [fev ety) du(x) means f (f Fy) av(y)) duo). 


In other words, to compute fy fy f(x,y) dv(y) du(x), first (temporarily) fix x € 
X and compute ie f(x,y) dv(y) [if this integral makes sense]. Then compute the 
integral with respect to y of the function x ++ fy f(x,y) dv(y) [if this integral 
makes sense]. 


5.24 Example iterated integrals 
If A is Lebesgue measure on [0,4], then 


a ha” +y) dA(y) dA(x) = i i (4x2 + 8) dA(x) 


, 


and 


P ha dA(x) dA(y) =[, (5 +4y) dy) 


_ 352 
e 


The two iterated integrals in this example turned out to both equal 332 even thou gh 
they do not look alike in the intermediate step of the evaluation. As we will see in the 
next section, this equality of integrals when changing the order of integration is not a 
coincidence. 


The definition of (u x v)(E) given below makes sense because the inner integral 
below equals v([E]x), which makes sense by 5.6 (or use 5.9), and then the outer 
integral makes sense by 5.20(a). 

The restriction in the definition below to g-finite measures is not bothersome be- 
cause the main results we seek are not valid without this hypothesis (see Example 5.30 
in the next section). 


5.25 Definition product of two measures; y x v 


Suppose (X, S, u) and (Y, T,v) are o-finite measure spaces. For E € S 8 T, 


define (u x v) (E) by 
(wx v(E) = f f xey) viy) dula). 
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5.26 Example measure of a rectangle 


Suppose (X, S, u) and (Y,7,v) are o-finite measure spaces. If A € S and 
B € T, then 


(wx v)(AxB)= f f xq, ply) avy) dua) 


= f v(B)x q(x) u(x) 
= p(A)v(B). 


Thus product measure of a measurable rectangle is the product of the measures of the 
corresponding sets. 


For (X, S, u) and (Y, T, v) o-finite measure spaces, we defined the product p x v 
to be a function from S ® T to [0, 00] (see 5.25). Now we show that this function is 
a measure. 


5.27 product of two measures is a measure 


Suppose (X, S, u) and (Y,7,v) are -finite measure spaces. Then p x v is a 
measure on (X x Y,S @T). 


Proof Clearly (u x v)(@) = 0. 
Suppose E4, E2,... is a disjoint sequence of sets in S @ T. Then 


where the fourth equality follows from the Monotone Convergence Theorem (3.11; 
or see Exercise 10 in Section 3A). The equation above shows that yu x v satisfies the 
countable additivity condition required for a measure. 
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EXERCISES 5A 


10 


Suppose (X,S) and (Y,7) are measurable spaces. Prove that if A is a 
nonempty subset of X and B is a nonempty subset of Y such that A x B € 
S®T,thenA€ SandBeT. 


Suppose (X, S) is a measurable space. Prove that if E € S @ S, then 
FER (x, x) E E}ES. 


Let 6 denote the c-algebra of Borel subsets of R. Show that there exists a set 
E C R x R such that [E], € B and [E]* € B for every a € R, but E ¢ B 8 B. 


Suppose (X, S) and (Y, T) are measurable spaces. Prove that if f : X — R is 
S-measurable and g: Y — R is 7 -measurable and h: X x Y — R is defined 
by h(x, y) = f (x)e (y), then h is (S © T )-measurable. 


Verify the assertion in Example 5.11 that the collection of finite unions of 
intervals of R is closed under complementation. 


Verify the assertion in Example 5.12 that the collection of countable unions of 
intervals of R is not closed under complementation. 


Suppose A is a nonempty collection of subsets of a set W. Show that A is an 
algebra on W if and only if A is closed under finite intersections and under 
complementation. 


Suppose p/ is a measure on a measurable space (X, S). Prove that the following 
are equivalent: 
(a) The measure p is o-finite. 


(b) There exists an increasing sequence X; C Xz C --- of sets in S such that 
X = Ue, Xx and (Xg) < œ for every k € ZT. 


(c) There exists a disjoint sequence X4, X2, X3,... of sets in S such that 
X = UR Xp and p(X) < œ for every k € Z7. 


Suppose p and v are o-finite measures. Prove that y x v is a go-finite measure. 


Suppose (X, S, u) and (Y, T,v) are g-finite measure spaces. Prove that if w is 
a measure on S & 7 such that w(A x B) = u(A)v(B) forall A € S and all 
B € T, then w = y x v. 

[The exercise above means that u x v is the unique measure on S & T that 
behaves as we expect on measurable rectangles. | 
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5B Iterated Integrals 


Tonelli’s Theorem 


Relook at Example 5.24 in the previous section and notice that the value of the 
iterated integral was unchanged when we switched the order of integration, even 
though switching the order of integration led to different intermediate results. Our 
next result states that the order of integration can be switched if the function being 
integrated is nonnegative and the measures are g-finite. 


5.28 Tonelli’s Theorem 


Suppose (X,S,y) and (Y,7,v) are o-finite measure spaces. Suppose 
f: X x Y — [0,09] is S ® T-measurable. Then 


(a) ae i f(x,y) dv(y) is an S-measurable function on X, 
vg 


yr i f(x,y) du(x) is a T-measurable function on Y, 
x 


fdalu xv) = [ [fenay ) du(x y= ff penance ) dv(y). 


XXY 


Proof We begin by considering the special case where f = X, for some E € SOT. 
In this case, 


[xe dv(y) = v([E]x) for every x € X 
and 
[xc du(x) = u([E]”) for every y € Y. 


Thus (a) and (b) hold in this case by 5.20. 
First assume that u and v are finite measures. Let 


M= {EeSaT: f | xp(x.y) av ) dv(y) du (x = f, f xe) dy ( x) dv(y)}. 


If A € Sand B € 7, then A x B € M because both sides of the equation defining 
M equal u(A)v(B). 

Let A denote the set of finite unions of measurable rectangles in S ® T. Then 
5.13(b) implies that every element of A is a disjoint union of measurable rectangles 
in S & T. The previous paragraph now implies A C M. 

The Monotone Convergence Theorem (3.11) implies that M is closed under 
countable increasing unions. The Bounded Convergence Theorem (3.26) implies 
that M is closed under countable decreasing intersections (this is where we use the 
assumption that y and v are finite measures). 

We have shown that M is a monotone class that contains the algebra A of all 
finite unions of measurable rectangles in S @ 7 [by 5.13(a), A is indeed an algebra]. 
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The Monotone Class Theorem (5.17) implies that M contains the smallest v-algebra 
containing A. In other words, M contains S ® T. Thus 


529 f frana) d= ff xey) du) dvl) 


for every EE SQT. 

Now relax the assumption that py and v are finite measures. Write X as an 
increasing union of sets X4 C X C --- in S with finite measure, and write Y 
as an increasing union of sets Y4 C Y2 C --- in 7 with finite measure. Suppose 
E € S Q T. Applying the finite-measure case to the situation where the measures 
and the g-algebras are restricted to X; and Yp, we can conclude that 5.29 holds 
with E replaced by E N (Xj; x Yp) for all j,k € Z*. Fix k € Z* and use the 
Monotone Convergence Theorem (3.11) to conclude that 5.29 holds with E replaced 
by EN (X x Yp) for all k € Z*. One more use of the Monotone Convergence 
Theorem then shows that 


[oy xede xr) = f f xenda = ff xen) au(x) w) 


for all E E€ S Q T, where the first equality above comes from the definition of 
(u x v)(E) (see 5.25). 

Now we turn from characteristic functions to the general case of an S & T- 
measurable function f: X x Y — [0,00]. Define a sequence fi, f2, ... of simple 
S & T-measurable functions from X x Y to [0, 00) by 


E if f(x,y) < k and m is the integer with f (x,y) € | 


fely) = ¢ 2 
kif f(x,y) >k. 


m m+1 
2k” 2k ). 


Note that 
0 < filzy) < foxy) < fa(x,y) <-> and jim f(x,y) = f(x,y) 


for all (x,y) E X x Y. 

Each f, is a finite sum of functions of the form cx,, where c € Rand E E€ SQT. 
Thus the conclusions of this theorem hold for each function fp. 

The Monotone Convergence Theorem implies that 


[ fey) wy) = jim f fely) doy) 


for every x € X. Thus the function x ++ fy f(x,y) dv(y) is the pointwise limit on 
X of a sequence of S-measurable functions. Hence (a) holds, as does (b) for similar 
reasons. 

The last line in the statement of this theorem holds for each fp. The Monotone 
Convergence Theorem now implies that the last line in the statement of this theorem 
holds for f, completing the proof. 
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See Exercise | in this section for an example (with finite measures) showing that 
Tonelli’s Theorem can fail without the hypothesis that the function being integrated 
is nonnegative. The next example shows that the hypothesis of o-finite measures also 
cannot be eliminated. 


5.30 Example Tonelli’s Theorem can fail without the hypothesis of o-finite 


Suppose B is the o-algebra of Borel subsets of [0,1], A is Lebesgue measure on 
({0,1], B), and u is counting measure on ([0, 1], 8). Let D denote the diagonal of 
[0,1] x [0,1]; in other words, 


D = {(x,x):x € [0,1]}. 


Then 
vy) du(y) dA(x) = 1h =1, 
is Gs y) du(y) d(x) i 
but 


,y) dA(x) d = Odu = 0. 
Joy fg ODAC) Au) = [OH 


, 


The following useful corollary of Tonelli’s Theorem states that we can switch the 
order of summation in a double-sum of nonnegative numbers. Exercise 2 asks you 
to find a double-sum of real numbers in which switching the order of summation 
changes the value of the double sum. 


.31 double sums of nonnegative numbers 


If {x;x : j,k € Z*} is a doubly indexed collection of nonnegative numbers, then 


Proof Apply Tonelli’s Theorem (5.28) to y X u, where u is counting measure 
on Z7. 


Fubinis Theorem 


Our next goal is Fubini’s Theorem, which 
has the same conclusions as Tonelli’s 
Theorem but has a different hypothesis. 
Tonelli’s Theorem requires the function 
being integrated to be nonnegative. Fu- 
bini’s Theorem instead requires the inte- 
gral of the absolute value of the function 
to be finite. When using Fubini’s The- 
orem to evaluate the integral of f, you 
will usually first use Tonelli’s Theorem as 
applied to |f| to verify the hypothesis of 
Fubini’s Theorem. 


Historically, Fubini’s Theorem 
(proved in 1907) came before 
Tonelli’s Theorem (proved in 1909). 
However, presenting Tonelli’s 
Theorem first, as is done here, seems 


to lead to simpler proofs and better 
understanding. The hard work here 
went into proving Tonelli’s Theorem; 
thus our proof of Fubini’s Theorem 
consists mainly of bookkeeping 
details. 
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As you will see in the proof of Fubini’s Theorem, the function in 5.32(a) is defined 
only for almost every x € X and the function in 5.32(b) is defined only for almost 
every y € Y. For convenience, you can think of these functions as equaling 0 on the 
sets of measure 0 on which they are otherwise undefined. 


5.32 Fubini’s Theorem 
Suppose (X,S,y) and (Y,7,v) are o-finite measure spaces. Suppose 


f: Xx Y — [-co,0] is S @ T-measurable and fy y|f|d(u x v) < œ. 
Then 


[few dv(y) < œ for almost every x E€ X 


[flew du(x) < œ for almost every y € Y. 


Furthermore, 


(a) XK | f(x,y) dv(y) is an S-measurable function on X, 
Y 


y => i f(x,y) du(x) is a T-measurable function on Y, 
X 


fd(uxv)= [ [feway ) du(x y= f, f fey dula) x) dv(y). 


AY 


Proof Tonelli’s Theorem (5.28) applied to the nonnegative function |f| implies that 
x fylf(x,y)|dv(y) is an S-measurable function on X. Hence 


{rex: [fe nlavy) soles. 


Tonelli’s Theorem applied to |f| also tells us that 


[ [IEE avy) dulx) < 


because the iterated integral above equals fy _y|f|d(u x v). The inequality above 


implies that 
u({x EX: fæl) = oo} ) o. 


Recall that f+ and f~ are nonnegative S & T -measurable functions such that 
|f| = ft +f and f = ft — f~ (see 3.17). Applying Tonelli’s Theorem to f* 
and f~, we see that 


533 x | f(xy)avly) and xv f f(x,y) aly) 
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are S-measurable functions from X to [0,00]. Because ft < uy and f~ < |f], the 
sets {x € X: fy ft (x,y) dv(y) = œ} and {x € X : fy f(x,y) du(y) = œ} 
have p- th fl 0. Thus the intersection of these two sets, which is the set of x € X 
such that fy f(x,y) dv(y) is not defined, also has -measure 0. 

Subtracting the second function in 5.33 from the first function in 5.33, we see that 
the function that we define to be 0 for those x € X where we encounter oo — œo (a 
set of -measure 0, as noted above) and that equals fy f(x,y) dv(y) elsewhere is an 
S-measurable function on X. 

Now 


fdnxv= f fraps- f faux) 


= | |F Ewy ) du(x a ta (x,y) dv(y) du(x) 


= f S (Ft ey) -F Ey) avy) dna) 


z [ [few dv(y) du(x), 


where the first line above comes from the definition of the integral of a function that 
is not nonnegative (note that neither of the two terms on the right side of the first line 
equals oo because fẹ y|f| d(x v) < 00) and the second line comes from applying 
Tonelli’s Theorem to f+ and f`. 

We have now proved all aspects of Fubini’s Theorem that involve integrating first 
over Y. The same procedure provides proofs for the aspects of Fubini’s theorem that 
involve integrating first over X. 


Area Under Graph 


5.34 Definition region under the graph 


Suppose X is a set and f: X — [0,00] is a function. Then the region under the 


graph of f, denoted Ur, is defined by 


Up= (at) eX % (0c) 0 t= f(x). 


The figure indicates why we call Ur 
the region under the graph of f, even 
in cases when X is not a subset of R. 
Similarly, the informal term area in the 
next paragraph should remind you of the 
Uş area in the figure, even though we are 
really dealing with the measure of Uş in 
a product space. 
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The first equality in the result below can be thought of as recovering Riemann’s 
conception of the integral as the area under the graph (although now in a much more 
general context with arbitrary o-finite measures). The second equality in the result 
below can be thought of as reinforcing Lebesgue’s conception of computing the area 
under a curve by integrating in the direction perpendicular to Riemann’s. 


5.35 area under the graph of a function equals the integral 


Suppose (X, S, u) is a -finite measure space and f: X — [0,00] is an 
S-measurable function. Let B denote the -algebra of Borel subsets of (0,00), 
and let A denote Lebesgue measure on ((0,00), B). Then Uy € S @ Band 


(Hx MUP =f fau= fy yE EX: E< fe) ALO) 


Proof Fork € Z*, let 


K-1 


Ee = U (F(R) x © #)) and F = f= (lk o]) x (0,). 


m=0 


Then E; is a finite union of S © B-measurable rectangles and F, is an S & B- 
measurable rectangle. Because 


we conclude that Ur E€ S Q B. 
Now the definition of the product measure u x A implies that 


(u x A)(Up) = = fdan” (2/8) A(t) dy(x) 


= ee du(x) 


which completes the proof of the first equality in the conclusion of this theorem. 
Tonelli’s Theorem (5.28) tells us that we can interchange the order of integration 
in the double integral above, getting 


(Wx AUN = fo y hei Ed aula) at 
= fac u({x E€ X:t< f(x)}) dlt), 


which completes the proof of the second equality in the conclusion of this theorem. 


Markov’s inequality (4.1) implies that if f and y are as in the result above, then 


ure XxX: >na g H 


for all t > 0. Thus if f x f du < œ, then the result above should be considered to be 
somewhat stronger than Markov’s inequality (because S (0,0) 1 dà (t) = œ). 
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EXERCISES 5B 


1 (a) Let A denote Lebesgue measure on [0,1]. Show that 


xy 7 
dA(y) dà =— 
RT (x2 + y2)2 (P 4 


and 
eS y? T 
dA(x) dA =—-_, 
hihiga taa- -i 
(b) Explain why (a) violates neither Tonelli’s Theorem nor Fubini’s Theorem. 


2 (a) Give an example of a doubly indexed collection {Xma :mnE Zz} of 
real numbers such that 


foe) CO 
Xmn =0 and L L Xm,n = œ. 


1 n=1 m=1 


Me 
Me 


m=1n 


(b) Explain why (a) violates neither Tonelli’s Theorem nor Fubini’s Theorem. 


3 Suppose (X, S) is a measurable space and f: X — [0, œ] is a function. Let B 
denote the -algebra of Borel subsets of (0,00). Prove that Uy € S @ B if and 
only if f is an S-measurable function. 


4 Suppose (X,S) is a measurable space and f: X — R is a function. Let 
graph(f) C X x R denote the graph of f: 


graph(f) = {(x, f(x)) : x € X}. 


Let B denote the o-algebra of Borel subsets of R. Prove that graph(f) E€ S@B 
if and only if f is an S-measurable function. 
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5C Lebesgue Integration on R” 


Throughout this section, assume that m and n are positive integers. Thus, for example, 
5.36 should include the hypothesis that m and n are positive integers, but theorems 
and definitions become easier to state without explicitly repeating this hypothesis. 


Borel Subsets of R” 


We begin with a quick review of notation and key concepts concerning R”. 
Recall that R” is the set of all n-tuples of real numbers: 


R” = { (x1,..-, Xn) : X1,- --,Xn E€ R}. 
The function ||-||.. from R” to [0, œ) is defined by 
[| (Kays + +p XH) leo = max{ |%4|,...7[%p|}. 
For x € R” and 6 > 0, the open cube B(x,5) with side length 26 is defined by 
B(x,d) = {y € R” : |ly— x|lo < ô}. 


If n = 1, then an open cube is simply a bounded open interval. If n = 2, then an 
open cube might more appropriately be called an open square. However, using the 
cube terminology for all dimensions has the advantage of not requiring a different 
word for different dimensions. 

A subset G of R” is called open if for every x € G, there exists ô > 0 such that 
B(x,65) C G. Equivalently, a subset G of R” is called open if every element of G is 
contained in an open cube that is contained in G. 

The union of every collection (finite or infinite) of open subsets of R” is an open 
subset of R”. Also, the intersection of every finite collection of open subsets of R” is 
an open subset of R”. 

A subset of R” is called closed if its complement in R” is open. A set A C R” is 
called bounded if sup{ |ja||o : a E A} < œ. 

We adopt the following common convention: 


R” x R” is identified with R” 7”. 


To understand the necessity of this convention, note that Rĉ x R 4 R? because 
R? x R and R? contain different kinds of objects. Specifically, an element of R? x R 
is an ordered pair, the first of which is an element of RÊ and the second of which is 
an element of R; thus an element of R2 x R looks like ((x1, x2), x3). An element 
of R is an ordered triple of real numbers that looks like (x1, x2, x3). However, we 
can identify ((x1, x2), x3) with (x1, x2, x3) in the obvious way. Thus we say that 
RÊ x R “equals” RÌ. More generally, we make the natural identification of R” x R” 
with R™*", 

To check that you understand the identification discussed above, make sure that 
you see why B(x,6) x B(y,d) = B((x,y),6) for all x € R”, y € R”, and ô > 0. 

We can now prove that the product of two open sets is an open set. 
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5.36 product of open sets is open 


Suppose Gj is an open subset of R” and G? is an open subset of R”. Then 
G1 x G? is an open subset of R”+”, 


Proof Suppose (x,y) € G1 x G2. Then there exists an open cube D in R” centered 
at x and an open cube E in R” centered at y such that D C G4 and E C Gz. By 
reducing the size of either D or E, we can assume that the cubes D and E have the 
same side length. Thus D x E is an open cube in R”*” centered at (x,y) that is 
contained in Gj X Gp. 

We have shown that an arbitrary point in G1 X Gz is the center of an open cube 
contained in Gj x G2. Hence G1 x G2 is an open subset of R™*”. 


When n = 1, the definition below of a Borel subset of R! agrees with our previous 
definition (2.29) of a Borel subset of R. 


5.37 Definition Borel set; B, 


e A Borel subset of R” is an element of the smallest -algebra on R” containing 
all open subsets of R”. 


e The o-algebra of Borel subsets of R” is denoted by By. 


Recall that a subset of R is open if and only if it is a countable disjoint union of 
open intervals. Part (a) in the result below provides a similar result in R”, although 
we must give up the disjoint aspect. 


5.38 open sets are countable unions of open cubes 


(a) A subset of R” is open in R” if and only if it is a countable union of open 
cubes in R”. 


(b) Bn is the smallest 7-algebra on R” containing all the open cubes in R”. 


Proof We will prove (a), which clearly implies (b). 

The proof that a countable union of open cubes is open is left as an exercise for 
the reader (actually, arbitrary unions of open cubes are open). 

To prove the other direction, suppose G is an open subset of R”. For each x € G, 
there is an open cube centered at x that is contained in G. Thus there is a smaller 
cube Cy such that x € Cy C G and all coordinates of the center of Cy are rational 
numbers and the side length of Cy is a rational number. Now 


G= |] C. 
xEG 


However, there are only countably many distinct cubes whose center has all rational 
coordinates and whose side length is rational. Thus G is the countable union of open 
cubes. 
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The next result tells us that the collection of Borel sets from various dimensions 
fit together nicely. 


Proof Suppose E is an open cube in R™*". Thus E is the product of an open cube 
in R” and an open cube in R”. Hence E € Bm © Bn. Thus the smallest -algebra 
containing all the open cubes in R” +” is contained in By, Q By. Now 5.38(b) implies 
that Bm+n C By Q Bn. 

To prove the set inclusion in the other direction, temporarily fix an open set G in 
R”. Let 


E={ACR":AxGE Bruin}. 


Then € contains every open subset of R” (as follows from 5.36). Also, € is closed 
under countable unions because 


(UA) xG= L (Ag x 6). 
k=1 


il 
en 


Furthermore, E is closed under complementation because 
(R™\ A) x G = ((R™ x R”) \ (A x G)) N (R” x G). 


Thus £ is a c-algebra on R” that contains all open subsets of R”, which implies that 
Bm C E. In other words, we have proved that if A € Bm and G is an open subset of 
R”, then A x G € By iy. 

Now temporarily fix a Borel subset A of R”. Let 


F={BCR":AXBE Bruyn}. 


The conclusion of the previous paragraph shows that F contains every open subset of 
R”. As in the previous paragraph, we also see that F is a o-algebra. Hence By C F. 
In other words, we have proved that if A € Bm and B € By, then A x B € By yy. 
Thus By, Q By C By+n, completing the proof. 


The previous result implies a nice associative property. Specifically, if m, n, and 
p are positive integers, then two applications of 5.39 give 


(Bm ® By) Q Bp = Buta Q Bp = Bm+n+p- 


Similarly, two more applications of 5.39 give 


Bm ® (Bn ® By) = Bn & Bn+p = Bm+n+p- 


Thus (Bm ® Bn) ® Bp = Bm ® (Bn ® Bp); hence we can dispense with parentheses 
when taking products of more than two Borel o-algebras. More generally, we could 
have defined By, ® By Q By directly as the smallest 7-algebra on RT" *? containing 
{Ax BxC:A€ Bm,B € Bn,C € By} and obtained the same -algebra (see 
Exercise 3 in this section). 
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Lebesgue Measure on R” 
5.40 Definition Lebesgue measure; Àn 


Lebesgue measure on R” is denoted by Àn and is defined inductively by 


An = An-1 X A1, 


where A, is Lebesgue measure on (R, 81). 


Because B, = B,_1 ® By (by 5.39), the measure A, is defined on the Borel 
subsets of R”. Thinking of a typical point in R” as (x,y), where x € R”! and 
y € R, we can use the definition of the product of two measures (5.25) to write 


M(E) = fo, f Xey) aa (y) dn a(x) 


for E € Bn. Of course, we could use Tonelli’s Theorem (5.28) to interchange the 
order of integration in the equation above. 

Because Lebesgue measure is the most commonly used measure, mathematicians 
often dispense with explicitly displaying the measure and just use a variable name. 
In other words, if no measure is explicitly displayed in an integral and the context 
indicates no other measure, then you should assume that the measure involved 
is Lebesgue measure in the appropriate dimension. For example, the result of 
interchanging the order of integration in the equation above could be written as 


~ h = Xp(*, y) dx dy 


for E € By; here dx means dà„—1(x) and dy means dÀ4 (y). 

In the equations above giving formulas for Àn (E), the integral over R”! could be 
rewritten as an iterated integral over R”? and R, and that process could be repeated 
until reaching iterated integrals only over R. Tonelli’s Theorem could then be used 
repeatedly to swap the order of pairs of those integrated integrals, leading to iterated 
integrals in any order. 

Similar comments apply to integrating functions on R” other than characteristic 
functions. For example, if f : R > Risa B3-measurable function such that either 
f >0or f pal f| dÀ3 < œ, then by either Tonelli’s Theorem or Fubini’s Theorem we 
have 


[fas = fff flerxz xa) dy dxx dn 


where j, k, m is any permutation of 1,2,3. 

Although we defined Àn to be A„—1 X A1, we could have defined Àņ to be Aj x Àk 
for any positive integers j,k with j +k = n. This potentially different definition 
would have led to the same o-algebra 5, (by 5.39) and to the same measure A, 
[because both potential definitions of Àn (E) can be written as identical iterations of 
n integrals with respect to A]. 
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Volume of Unit Ball in R” 


The proof of the next result provides good experience in working with the Lebesgue 
measure Àn. Recall that tE = {tx : x € E}. 


5.41 measure of a dilation 


Suppose t > 0. If E € By, then tE € By and An (tE) = tAn (E). 


Proof Let 
E = {E € By: tE € Bn}. 


Then € contains every open subset of R” (because if E is open in R” then tE is open 
in R”). Also, € is closed under complementation and countable unions because 


H(R"\E)=R"\(tE) and a U) = U (Ee). 
k=1 k=1 

Hence £ is a -algebra on R” containing the open subsets of R”. Thus € = By. In 
other words, tE € By for all E € By. 

To prove A,,(tE) = t” Àn (E), first consider the case n = 1. Lebesgue measure on 
R is a restriction of outer measure. The outer measure of a set is determined by the 
sum of the lengths of countable collections of intervals whose union contains the set. 
Multiplying the set by t corresponds to multiplying each such interval by t, which 
multiplies the length of each such interval by t. In other words, Aj (tE) = tA, (E). 

Now assume n > 1. We will use induction on n and assume that the desired result 
holds for n — 1. If A € B,_1 and B € By, then 


An (t(A x B)) = An((tA) x (tB)) 
= An-1(tA) - A1 (tB) 
= "1A, _1(A) - tA (B) 
5.42 = t'An (A x B), 
giving the desired result for A x B. 


For m € Z*, let Cm be the open cube in R” centered at the origin and with side 
length m. Let 


m = {E € By: E C Cm and Ay(E) = t"An(E)}. 


From 5.42 and using 5.13(b), we see that finite unions of measurable rectangles 
contained in Cy are in Em. You should verify that Em is closed under countable 
increasing unions (use 2.59) and countable decreasing intersections (use 2.60, whose 
finite measure condition holds because we are working inside Cm). From 5.13 and 
the Monotone Class Theorem (5.17), we conclude that Em is the g-algebra on Cm 
consisting of Borel subsets of Cm. Thus Ay (tE) = t” Àn (E) for all E € By such that 
E C Cm. 
Now suppose E € Bq. Then 2.59 implies that 


Àn (tE) = dim An(t(E N Cm)) =" lim An(E N Cm) = t"An(E), 


as desired. 
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The open unit ball in R” is denoted by By, and is defined by 


Bn = {(x1,...,%n) SR ae ba < 


The open unit ball B, is open in R” (as you should verify) and thus is in the 
collection $, of Borel sets. 


5.44 volume of the unit ball in R” 


g”/2 
if n is even, 


(n/2)! 


if n is odd. 


Proof Because A;(B,) = 2 and A2(B2) = 7, the claimed formula is correct when 
n = 1 and when n = 2. 

Now assume that n > 2. We will use induction on n, assuming that the claimed for- 
mula is true for smaller values of n. Think of R” = R? x R”? and Àn = Az X An_2. 
Then 


5.45 n(Bn) =| feats 4 (x,y) dy dx. 


Temporarily fix x = (x1, x2) € RÊ. If x1 Taat > 1, then X% (x,y) = 0 for 
all y € R"?. If x1? + x22 < 1 and y € R"~?, then Xp, Y) = 1 if and only if 
y € (1 — x1? — x22)! /?B„—2. Thus the inner integral in 5.45 equals 

àn-2((1- x1? — x)? Bn -2) Xp, £); 
which by 5.41 equals 
(i= x2 _ x97)(-2)2),_»(By—2) Xp, (2)- 


Thus 5.45 becomes the equation 


An (Bn) = An—2(Bn—2) I, (1 T xy > eye dAg(x1, x2). 


2 


To evaluate this integral, switch to the usual polar coordinates that you learned about 
in calculus (dAz = r dr d0), getting 


1 1 
An(Bn) = An-2(Bn-2) | f (1—12)"9)?r dr do 
—T7T 


270 
= = ^2 (Bn-2). 


The last equation and the induction hypothesis give the desired result. 
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The table here gives the first five val- 
ues of A, (B, ), using 5.44. The last col- 
umn of this table gives a decimal approx- 
imation to A,,(B,,), accurate to two dig- 
its after the decimal point. From this ta- 
ble, you might guess that An (Bn) is an 
increasing function of n, especially be- 
cause the smallest cube containing the 
ball B, has n-dimensional Lebesgue mea- 
sure 2”, However, Exercise 12 in this 
section shows that An (Bn) behaves much 
differently. 


Equality of Mixed Partial Derivatives Via Fubini’s Theorem 


5.46 Definition partial derivatives; Dı f and D2 f 


Suppose G is an open subset of R? and f: G > Risa function. For (x,y) € G, 
the partial derivatives (Dıf )(x,y) and (D2f) (x,y) are defined by 


(Dif) (x,y) me E A 


t>0 


(D2f)(x,y) 


if these limits exist. 


= lim 
t0 


flay +t) — fy) 
t 


Using the notation for the cross section of a function (see 5.7), we could write the 
definitions of D4 and D3 in the following form: 


(Dif) (x,y) = (V(x) and (Daf)(x,y) = (Lflx)’(y)- 


5.47 Example partial derivatives of x4 
Let G = {(x,y) € R? : x > 0} and define f: G — R by f(x,y) = x”. Then 


(Dif)(x,y) =yx¥! and (D2f)(x,y) = x" Inx, 
as you should verify. Taking partial derivatives of those partial derivatives, we have 
(D2(D1f)) (x,y) = 91 + yx! nx 


and 
(Di (D2f)) (x,y) = YTI yg ing, 


as you should also verify. The last two equations show that Dı (D2f) = D2 (D1 f) 
as functions on G. 
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In the example above, the two mixed partial derivatives turn out to equal each 
other, even though the intermediate results look quite different. The next result shows 
that the behavior in the example above is typical rather than a coincidence. 

Some proofs of the result below do not use Fubini’s Theorem. However, Fubini’s 
Theorem leads to the clean proof below. 

The integrals that appear in the proof 
below make sense because continuous 
real-valued functions on RÊ are measur- 
able (because for a continuous function, 
the inverse image of each open set is open) 
and because continuous real-valued func- 
tions on closed bounded subsets of R? are 
bounded. 


Although the continuity hypotheses 
in the result below can be slightly 


weakened, they cannot be 
eliminated, as shown by Exercise 14 
in this section. 


5.48 equality of mixed partial derivatives 


Suppose G is an open subset of R? and f: G — Risa function such that D; f, 
D2 f, Dı(D2f), and D2(Dj; f) all exist and are continuous functions on G. Then 


D,(D2f) = D2(Dif) 


Proof Fix (a,b) € G. For ô > 0, let Ss = [a,a + 6] x [b,b + ô]. If Ss C G, then 


b+6 pat+é 
L Di(Dof) a= f a (D1 (D2f)) (x,y) dx dy 


b+ 
= [oan a+ ay) - Wap ay) 
= f(a+6,b+6) — f(a+6,b) — f(a,b+6) + f(a,b), 


where the first equality comes from Fubini’s Theorem (5.32) and the second and third 
equalities come from the Fundamental Theorem of Calculus. 
A similar calculation of f, S; Dz(Dıf) dà yields the same result. Thus 


J PA) — Dx(D; f)] d =0 


for all 5 such that Ss C G. If (Dı(D2f)) (a,b) > (D2(Dif)) (a,b), then by 
the continuity of D;(D2f) and D2(Djf), the integrand in the equation above is 
positive on S; for ô sufficiently small, which contradicts the integral above equaling 
0. Similarly, the inequality (D;(D2f)) (a,b) < (D2(D1f)) (a,b) also contradicts 
the equation above for small 6. Thus we conclude that 


(D1 (Daf )) (a,b) = (D2(Dif)) (a,b), 


as desired. 


144 


Chapter5 Product Measures 


EXERCISES 5C 


Show that a set G C R” is open in R” if and only if for each (b1,...,bn) € G, 
there exists r > 0 such that 


{ (a-ran) ER": y (m by)? +--+ (an bn)? <r} CG. 


Show that there exists a set E C R? (thinking of RÊ as equal to R x R) such 
that the cross sections [E], and {E]* are open subsets of R for every a € R, but 


E ¢ Bo. 


Suppose (X, S), (Y, T), and (Z,U) are measurable spaces. We can define 
SQT QU to be the smallest -algebra on X x Y x Z that contains 


{AxBxC:AES,BET,CEU}. 


Prove that if we make the obvious identifications of the products (X x Y) x Z 
and X x (Y x Z) with X x Y x Z, then 


SQTQU = (SƏT) OU =S Q(T OU). 


Show that Lebesgue measure on R” is translation invariant. More precisely, 
show that if E € B, anda € R”, then a + E € B, and An (a + E) = À, (E), 
where 

a+E = {a+x:xE€E}. 


Suppose f : R” — R is B„-measurable and t € R \ {0}. Define f: R” > R 
by fi(x) = f (tx). 


(a) Prove that fy is Bn measurable. 


(b) Prove that if | f dàn is defined, then 
R” 


1 
fidàn = pp el Om 


R” 


Suppose À denotes Lebesgue measure on (R, £), where £ is the c-algebra of 
Lebesgue measurable subsets of R. Show that there exist subsets E and F of R? 
such that 


e FEeLS@Land (A x A)(F) =0; 
e ECFbutE¢ LCL. 
[The measure space (R, L, À) has the property that every subset of a set with 


measure 0 is measurable. This exercise asks you to show that the measure space 
(R?, L£L@L,A x A) does not have this property.] 


Suppose M € Z7. Verify that the collection of sets Em that appears in the proof 
of 5.41 is a monotone class. 


10 


11 


12 


13 


14 
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Show that the open unit ball in R” is an open subset of R”. 


Suppose G4 is a nonempty subset of R” and G2 is a nonempty subset of R”. 
Prove that G1 x G2 is an open subset of R” x R” if and only if G4 is an open 
subset of R” and G3 is an open subset of R”. 

[One direction of this result was already proved (see 5.36); both directions are 
stated here to make the result look prettier and to be comparable to the next 
exercise, where neither direction has been proved.] 


Suppose F; is a nonempty subset of R” and F, is a nonempty subset of R”. 
Prove that F; x F> is a closed subset of R” x R” if and only if F; is a closed 
subset of R” and F is a closed subset of R”. 


Suppose E is a subset of R” x R” and 
A= {x E€ R” : (x,y) € E for some y € R"}. 


(a) Prove that if E is an open subset of R” x R”, then A is an open subset 
of R”. 
(b) Prove or give a counterexample: If E is a closed subset of R” x R”, then 
A is a closed subset of R”. 
(a) Prove that limn—=œ Àn (Bn) = 0. 
(b) Find the value of n that maximizes An (Bn). 
For readers familiar with the gamma function I: Prove that 
g”/2 
An(Bn) = =~ 
eee Tea 


for every positive integer n. 
Define f : R? > R by 
xy(x?—-y*) 
= — if (x, 0,0), 
f(xy) = x2 + y2 if (x,y) # (0,0) 
0 if (x,y) = (0,0). 
(a) Prove that Dı (Df) and D2(D1f) exist everywhere on R?. 


(b) Show that (Dı (D2f)) (0,0) Æ (D2(D1f)) (0,0). 
(c) Explain why (b) does not violate 5.48. 
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Chapter 6 ey 
Banach Spaces 


We begin this chapter with a quick review of the essentials of metric spaces. Then 
we extend our results on measurable functions and integration to complex-valued 
functions. After that, we rapidly review the framework of vector spaces, which 
allows us to consider natural collections of measurable functions that are closed under 
addition and scalar multiplication. 

Normed vector spaces and Banach spaces, which are introduced in the third section 
of this chapter, play a hugely important role in modern analysis. Most interest focuses 
on linear maps on these vector spaces. Key results about linear maps that we develop 
in this chapter include the Hahn—Banach Theorem, the Open Mapping Theorem, the 
Closed Graph Theorem, and the Principle of Uniform Boundedness. 
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6A Metric Spaces 


Open Sets, Closed Sets, and Continuity 


Much of analysis takes place in the context of a metric space, which is a set with a 
notion of distance that satisfies certain properties. The properties we would like a 
distance function to have are captured in the next definition, where you should think 
of d(f,g) as measuring the distance between f and g. 

Specifically, we would like the distance between two elements of our metric space 
to be a nonnegative number that is 0 if and only if the two elements are the same. We 
would like the distance between two elements not to depend on the order in which 
we list them. Finally, we would like a triangle inequality (the last bullet point below), 
which states that the distance between two elements is less than or equal to the sum 
of the distances obtained when we insert an intermediate element. 

Now we are ready for the formal definition. 


6.1 Definition metric space 


A metric on a nonempty set V is a function d: V x V — [0, œ) such that 


e d(f,f) =O forall f € V; 


e if f,g € Vandd(f,g) = 0, then f = g; 
e d(f,g) =d(g,f) forall f,g € V; 
e d(f,h) <d(f,g) +d(g,h) for all f,g,h € V. 


A metric space is a pair (V,d), where V is a nonempty set and d is a metric on V. 


6.2 Example metric spaces 


Suppose V is a nonempty set. Define d on V x V by setting d(f, 2) to be 1 if 
f A gand to be Oif f = g. Then d is a metric on V. 


e Define don R x R by d(x,y) = |x — y|. Then d is a metric on R. 
e Forn € Z”, define d on R” x R” by 


d((x1,.--,Xn),(Y1,--+,Yn)) = max{|x1 — yi|,---, [Xn — ynl }- 
Then d is a metric on R”. 
Define d on C(O, 1]) x C((0, 1]) by d(f,g) = sup{|f (+) - g(t)| : t € (0, 11}; 


here C([0, 1]) is the set of continuous real-valued functions on [0, 1]. Then d is 
a metric on C([0,1]). 


e Define d on £! x 4! by d((a1,42,...), (b1,b2,--.)) = Dy lap — byl; here 4! 
is the set of sequences (a4, 42, . ..) of real numbers such that Xg 4lag| < œ. 
Then d is a metric on 41. 
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The material in this section is proba- 
bly review for most readers of this book. 
Thus more details than usual are left to the 
reader to verify. Verifying those details 
and doing the exercises is the best way 
to solidify your understanding of these 
concepts. You should be able to transfer 
familiar definitions and proofs from the 
context of R or R” to the context of a metric space. 

We will need to use a metric space’s topological features, which we introduce 
now. 


This book often uses symbols such as 
f,g,h as generic elements of a 
generic metric space because many 


of the important metric spaces in 
analysis are sets of functions; for 
example, see the fourth bullet point 
of Example 6.2. 


6.3 Definition open ball; B(f,r) 


Suppose (V,d) is a metric space, f € V, andr > 0. 


e The open ball centered at f with radius r is denoted B(f,r) and is defined 


by 
BU) =18 eV A) <7}. 


e The closed ball centered at f with radius r is denoted B(f,1) and is defined 


by = 
BU) =e at ear 


Abusing terminology, many books (including this one) include phrases such as 
suppose V is a metric space without mentioning the metric d. When that happens, 
you should assume that a metric d lurks nearby, even if it is not explicitly named. 

Our next definition declares a subset of a metric space to be open if every element 
in the subset is the center of an open ball that is contained in the set. 


6.4 Definition open set 


A subset G of a metric space V is called open if for every f € G, there exists 
r > Osuch that B(f,r) C G. 


6.5 open balls are open 


Suppose V is a metric space, f € V, andr > 0. Then B(f,r) is an open subset 
of V. 


Proof Suppose g € B(f,r). We need to show that an open ball centered at g is 
contained in B(f,r). To do this, note that if h € B(g,r — d(f,g)), then 


d(f,h) <d(f,g) +d(g,h) <d(f,g) + (r—d(f.g)) =r, 


which implies that h € B(f,r). Thus B(g,r —d(f,g)) C B(f,r), which implies 
that B(f,r) is open. 
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Closed sets are defined in terms of open sets. 


For example, each closed ball B(f,r) in a metric space is closed, as you are asked 
to prove in Exercise 3. 
Now we define the closure of a subset of a metric space. 


Suppose V is a metric space and E C V. The closure of E, denoted E, is defined 
by 
E={geV: B(g,e) NE Æ Ø for every e > 0}. 


Limits in a metric space are defined by reducing to the context of real numbers, 
where limits have already been defined. 


Suppose (V, d) is a metric space, f1, f2,... is a sequence in V, and f € V. Then 


lim fk = f means jim afheti—0. 
— 00 


k- œ 


In other words, a sequence f1, f2,... in V converges to f € V if for every e > 0, 
there exists n € Z* such that 


d( fx, f) < € for all integers k > n. 


The next result states that the closure of a set is the collection of all limits of 
elements of the set. Also, a set is closed if and only if it equals its closure. The proof 
of the next result is left as an exercise that provides good practice in using these 
concepts. 


Suppose V is a metric space and E C V. Then 

(a) E = {g € V : there exist fı, fo,... in E such that jim j =gh 
700 

(b) E is the intersection of all closed subsets of V that contain E; 


(c) E is a closed subset of V; 


(d) E is closed if and only if E = E; 


(e) E is closed if and only if E contains the limit of every convergent sequence 
of elements of E. 
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The definition of continuity that follows uses the same pattern as the definition for 
a function from a subset of R to R. 


6.10 Definition continuity 


Suppose (V, dy) and (W, dy) are metric spaces and T: V — W isa function. 


e For f € V, the function T is called continuous at f if for every £ > 0, there 
exists ô > 0 such that 


dw(T(f),T(g)) <€ 
for all g € V with dy(f,g) < ô. 


e The function T is called continuous if T is continuous at f for every f € V. 


The next result gives equivalent conditions for continuity. Recall that T~! (E) is 
called the inverse image of E and is defined to be {f € V : T(f) € E}. Thus the 
equivalence of the (a) and (c) below could be restated as saying that a function is 
continuous if and only if the inverse image of every open set is open. The equivalence 
of the (a) and (d) below could be restated as saying that a function is continuous if 
and only if the inverse image of every closed set is closed. 


6.11 equivalent conditions for continuity 


Suppose V and W are metric spaces and T: V — W is a function. Then the 
following are equivalent: 


(a) T is continuous. 


(b) lim fp = f in V implies lim T(f,) = T(f) in W. 
k-o0 k= 


(c) T~!(G) is an open subset of V for every open set G C W. 


(d) T~!(F) is a closed subset of V for every closed set F C W. 


Proof We first prove that (b) implies (d). Suppose (b) holds. Suppose F is a closed 
subset of W. We need to prove that T71 (F) is closed. To do this, suppose fofas: 
is a sequence in T71 (F) and limk—,o fk = f for some f € V. Because (b) holds, we 
know that limk T (fx) = T(f). Because fy € T71 (F) for each k € Z*, we know 
that T(f,) € F for each k € Z*. Because F is closed, this implies that T(f) € F. 
Thus f € T7} (F), which implies that T71 (F) is closed [by 6.9(e)], completing the 
proof that (b) implies (d). 
The proof that (c) and (d) are equivalent follows from the equation 


T1 (W \ E) = V \ TE) 


for every E C W and the fact that a set is open if and only if its complement (in the 
appropriate metric space) is closed. 

The proof of the remaining parts of this result are left as an exercise that should 
help strengthen your understanding of these concepts. 
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Cauchy Sequences and Completeness 


The next definition is useful for showing (in some metric spaces) that a sequence has 
a limit, even when we do not have a good candidate for that limit. 


A sequence fi, f2,...in a metric space (V, d) is called a Cauchy sequence if for 
every € > 0, there exists n € Z* such that d(fj, fk) < e for all integers j > n 
and k > n. 


Proof Suppose lim, of, = f in a metric space (V, d). Suppose e > 0. Then 
there exists n € Z* such that d (fk, f) < § for all k > n. If j,k € Z* are such that 
j > nandk > n, then 


A(fir fr) Saff) HAF, fe) < itie 


Thus fi, f2, . . . is a Cauchy sequence, completing the proof. 


Metric spaces that satisfy the converse of the result above have a special name. 


5.14 Definition 


A metric space V is called complete if every Cauchy sequence in V converges to 
some element of V. 


6.15 Example 
e All five of the metric spaces in Example 6.2 are complete, as you should verify. 


e The metric space Q, with metric defined by d(x,y) = |x — y|, is not complete. 
To see this, fork € Z* let 


eA oil 
*e= Fou 792 TT 19H 
If j < k, then 
|x, — x;| = l | "E. < = 
kT a9 GD! | "70K > 49040!" 


Thus x1, X2, . . . is a Cauchy sequence in Q. However, x1, X2,... does not con- 
verge to an element of Q because the limit of this sequence would have a decimal 
expansion 0.110001000000000000000001 .. . that is neither a terminating deci- 
mal nor a repeating decimal. Thus Q is not a complete metric space. 
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Entrance to the Ecole Polytechnique (Paris), where Augustin-Louis Cauchy 
(1789-1857) was a student and a faculty member. Cauchy wrote almost 800 
mathematics papers and the highly influential textbook Cours d’ Analyse (published 
in 1821), which greatly influenced the development of analysis. 
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Every nonempty subset of a metric space is a metric space. Specifically, suppose 
(V,d) is a metric space and U is a nonempty subset of V. Then restricting d to 
U x U gives a metric on U. Unless stated otherwise, you should assume that the 
metric on a subset is this restricted metric that the subset inherits from the bigger set. 

Combining the two bullet points in the result below shows that a subset of a 
complete metric space is complete if and only if it is closed. 


6.16 connection between complete and closed 


(a) A complete subset of a metric space is closed. 


(b) A closed subset of a complete metric space is complete. 


Proof We begin with a proof of (a). Suppose U is a complete subset of a metric 
space V. Suppose fj, f2,... is a sequence in U that converges to some g € V. 
Then fi, fo,... is a Cauchy sequence in U (by 6.13). Hence by the completeness 
of U, the sequence fi, f2,... converges to some element of U, which must be g 
(see Exercise 7). Hence g € U. Now 6.9(e) implies that U is a closed subset of V, 
completing the proof of (a). 

To prove (b), suppose U is a closed subset of a complete metric space V. To show 
that U is complete, suppose f1, f2,...is a Cauchy sequence in U. Then fi, f2,... is 
also a Cauchy sequence in V. By the completeness of V, this sequence converges to 
some f € V. Because U is closed, this implies that f € U (see 6.9). Thus the Cauchy 
sequence f1, fo,... converges to an element of U, showing that U is complete. Hence 
(b) has been proved. 
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EXERCISES 6A 


A UO N 


10 


11 


12 


13 


Verify that each of the claimed metrics in Example 6.2 is indeed a metric. 
Prove that every finite subset of a metric space is closed. 

Prove that every closed ball in a metric space is closed. 

Suppose V is a metric space. 


(a) Prove that the union of each collection of open subsets of V is an open 
subset of V. 


(b) Prove that the intersection of each finite collection of open subsets of V is 
an open subset of V. 


Suppose V is a metric space. 
(a) Prove that the intersection of each collection of closed subsets of V is a 
closed subset of V. 


(b) Prove that the union of each finite collection of closed subsets of V is a 
closed subset of V. 


(a) Prove that if V is a metric space, f € V, andr > 0, then B(f,r) C B(f,r). 
(b) Give an example of a metric space V, f € V, andr > O such that 


B(f,r) # B(f,r). 
Show that a sequence in a metric space has at most one limit. 
Prove 6.9. 


Prove that each open subset of a metric space V is the union of some sequence 
of closed subsets of V. 


Prove or give a counterexample: If V is a metric space and U, W are subsets 
of V, then UU W = UUW. 


Prove or give a counterexample: If V is a metric space and U, W are subsets 
of V, then UNW=UNW. 


Suppose (U, du), (V, dy), and (W, dw) are metric spaces. Suppose also that 
T: U — V and S: V — W are continuous functions. 
(a) Using the definition of continuity, show that S o T: U — W is continuous. 


(b) Using the equivalence of 6.11(a) and 6.11(b), show that S o T: U > Wis 
continuous. 


(c) Using the equivalence of 6.11(a) and 6.11(c), show that S o T: U > W is 
continuous. 


Prove the parts of 6.11 that were not proved in the text. 
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Suppose a Cauchy sequence in a metric space has a convergent subsequence. 
Prove that the Cauchy sequence converges. 


Verify that all five of the metric spaces in Example 6.2 are complete metric 
spaces. 


Suppose (U, d) is a metric space. Let W denote the set of all Cauchy sequences 
of elements of U. 


(a) For (fi, fo,...) and (g1, 82, ...) in W, define (fi, fo,.-.) = (91,82,---) 


to mean that 
lim A( fk Xk) =0. 
k— œ 

Show that = is an equivalence relation on W. 


(b) Let V denote the set of equivalence classes of elements of W under the 
equivalence relation above. For (fi, f2,...) € W, let (fi, f2,- . -Y` denote 
the equivalence class of (fi, f2,...). Define dy: V x V — [0, œ) by 


dy (fir fa- -Y (882...) = jim d(fr 81). 


Show that this definition of dy makes sense and that dy is a metric on V. 
(c) Show that (V, dy) is a complete metric space. 


(d) Show that the map from U to V that takes f € U to (f, f, f,...)° preserves 
distances, meaning that 


d(f 8) = dv fifi fr- -Ys (88:8---Y) 
for all f,g € U. 


(e) Explain why (d) shows that every metric space is a subset of some complete 
metric space. 


Open Access This chapter is licensed under the terms of the Creative Commons Attribution-NonCommercial 
4.0 International License (http://creativecommons.org/licenses/by-nc/4.0/), which permits any noncommercial 
use, sharing, adaptation, distribution and reproduction in any medium or format, as long as you give 
appropriate credit to the original author(s) and the source, provide a link to the Creative Commons license 
and indicate if changes were made. 


The images or other third party material in this chapter are included in the chapter’s Creative 


Commons license, unless indicated otherwise in a credit line to the material. If material is not included 
in the chapter’s Creative Commons license and your intended use is not permitted by statutory regulation 
or exceeds the permitted use, you will need to obtain permission directly from the copyright holder. 


Section6B Vector Spaces 155 


6B Vector Spaces 


Integration of Complex-Valued Functions 


Complex numbers were invented so that we can take square roots of negative numbers. 
The idea is to assume we have a square root of —1, denoted i, that obeys the usual 
rules of arithmetic. Here are the formal definitions: 


6.17 Definition complex numbers; C 


e A complex number is an ordered pair (a,b), where a,b € R, but we write 
this as a + bi. 


e The set of all complex numbers is denoted by C: 


C= {a+bi:a,be R}. 


e Addition and multiplication on C are defined by 


(a+ bi) +(c+di) =(a+c)+(b+d)i, 
(a+ bi)(c+di) = (ac — bd) + (ad + bc)i; 


here a,b,c,d E€ R. 


Ifa € R, then we identify a + 0i 
with a. Thus we think of R as a subset of 
C. We also usually write 0 + bi as bi, and 
we usually write 0 + 1i as i. You should 
verify that i2 = —1. 

With the definitions as above, C satisfies the usual rules of arithmetic. Specifically, 
with addition and multiplication defined as above, C is a field, as you should verify. 
Thus subtraction and division of complex numbers are defined as in any field. 


The field C cannot be made into an or- ; ; ; 
Much of this section may be review 
dered field. However, the useful concept for many readers 
of an absolute value can still be defined y : 


on C. 


The symbol i was first used to denote 
y —1 by Leonhard Euler 
(1707-1783) in 1777. 


6.18 Definition Rez; Imz; absolute value; limits 
Suppose z = a + bi, where a and b are real numbers. 
e The real part of z, denoted Rez, is defined by Rez = a. 
e The imaginary part of z, denoted Imz, is defined by Imz = b. 


e The absolute value of z, denoted |z|, is defined by |z| = Va? + b?. 


e Ifz1,Z2,... E Cand L € C, then lim z, = L means lim |z — L| = 0. 
k-00 k—> co 
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For b areal number, the usual definition of |b| as a real number is consistent with 
the new definition just given of |b| with b thought of as a complex number. Note that 
if z1, Z2, . . . is a sequence of complex numbers and L € C, then 

lim zy = L <== lim Rez = Re Land lim Imz; = ImL. 
k= œ k= œ k— oœ 

We will reduce questions concerning measurability and integration of a complex- 
valued function to the corresponding questions about the real and imaginary parts of 
the function. We begin this process with the following definition. 


6.19 Definition measurable complex-valued function 


Suppose (X, S) is a measurable space. A function f: X — C is called 
S-measurable if Re f and Im f are both S-measurable functions. 


See Exercise 5 in this section for two natural conditions that are equivalent to 
measurability for complex-valued functions. 

We will make frequent use of the following result. See Exercise 6 in this section 
for algebraic combinations of complex-valued measurable functions. 


6.20 |f|’ is measurable if f is measurable 


Suppose (X, S) is a measurable space, f : X — C is an S-measurable function, 
and 0 < p < œ. Then |f|? is an S-measurable function. 


Proof The functions (Re f)? and (Im f)? are S-measurable because the square 
of an S-measurable function is measurable (by Example 2.45). Thus the function 
(Re f)? + (Im f)? is S-measurable (because the sum of two S-measurable functions 


is S-measurable by 2.46). Now ((Re f)? + (Im f)2)P/? is S-measurable because it 


is the composition of a continuous function on [0, 00) and an S-measurable function 
(see 2.44 and 2.41). In other words, | f|? is an S-measurable function. 


Now we define integration of a complex-valued function by separating the function 
into its real and imaginary parts. 


6.21 Definition integral of a complex-valued function 


Suppose (X,S,}1) is a measure space and f: X —> C is an S-measurable 
function with f|f|du < œ [the collection of such functions is denoted £1(j:)]. 


Then f f dy is defined by 
ffan = f (Bef) du+i | (mf) dp. 


The integral of a complex-valued measurable function is defined above only when 
the absolute value of the function has a finite integral. In contrast, the integral of 
every nonnegative measurable function is defined (although the value may be oo), 
and if f is real valued then f f dy is defined to be f f+ du — f f~ dy if at least one 
of f ft du and f f~ dy is finite. 
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You can easily show that if f,g: X —> C are S-measurable functions such that 
J\fl du < œ and f|g|du < oo, then 


fE+s)du= f fant f gap. 


Similarly, the definition of complex multiplication leads to the conclusion that 


fas du=« ffan 
for all w € C (see Exercise 8). 


The inequality in the result below concerning integration of complex-valued 
functions does not follow immediately from the corresponding result for real-valued 
functions. However, the small trick used in the proof below does give a reasonably 
simple proof. 


6.22 bound on the absolute value of an integral 


Suppose (X, S, u) is a measure space and f: X — C is an S-measurable 


function such that f |f| dy < co. Then 


|f fan] < fiflan 


Proof The result clearly holds if f f dj = 0. Thus assume that f f du A 0. 


Let 
_ IS f dul 
J f du 


|| fan =a f fdu= fafan 


= [ Re(af)du +i f Im(af) ay 


ax 


Then 


where the second equality holds by Exercise 8, the fourth equality holds because 
|f f du| € R, the inequality on the fourth line holds because Rez < |z| for every 
complex number z, and the equality in the last line holds because |a| = 1. 


Because of the result above, the Bounded Convergence Theorem (3.26) and the 
Dominated Convergence Theorem (3.31) hold if the functions f4, fo,... and f in the 
statements of those theorems are allowed to be complex valued. 
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We now define the complex conjugate of a complex number. 


6.23 Definition complex conjugate; Z 


Suppose z € C. The complex conjugate of z € C, denoted Z (pronounced z-bar), 
is defined by 
Z = Rez — (Imz)i. 


For example, if z = 5 + 7i then Z = 5 — 71. Note that a complex number z is a 
real number if and only if z = Z. 
The next result gives basic properties of the complex conjugate. 


6.24 properties of complex conjugates 


Suppose w,z € C. Then 
e product of z and Z 
27 = |> 
sum and difference of z and Z 
z +Z = 2Rez and z — Z = 2(Imz)i; 


additivity and multiplicativity of complex conjugate 


wtz=w+zZand wz SWZ: 


complex conjugate of complex conjugate 


P 

absolute value of complex conjugate 
Z| = |zļ; 

integral of complex conjugate of a function 


[Fan = ffan for every measure y and every f € L! (u). 


Proof The first item holds because 
zZ = (Rez +iImz)(Rez — iImz) = (Rez)? + (Imz)? = |z/?. 


To prove the last item, suppose y is a measure and f € L1 (u). Then 


[F iun= [Ref —itmf) du = fRefdu-i [ tm fap 


= [Re fan +i f imf ap 


E Í f du, 
as desired. 


The straightforward proofs of the remaining items are left to the reader. 
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Vector Spaces and Subspaces 


The structure and language of vector spaces will help us focus on certain features of 
collections of measurable functions. So that we can conveniently make definitions 
and prove theorems that apply to both real and complex numbers, we adopt the 
following notation. 


6.25 Definition F 


From now on, F stands for either R or C. 


In the definitions that follow, we use f and g to denote elements of V because in 
the crucial examples the elements of V are functions from a set X to F. 


6.26 Definition addition; scalar multiplication 


e An addition on a set V is a function that assigns an element f +g € V to 
each pair of elements f, g € V. 


e A scalar multiplication on a set V is a function that assigns an element 
af € V to each a € F and each f € V. 


Now we are ready to give the formal definition of a vector space. 


6.27 Definition vector space 


A vector space (over F) is a set V along with an addition on V and a scalar 
multiplication on V such that the following properties hold: 


commutativity 

ftg=gt+f forall f,g € V; 

associativity 

(f+g)+h=f+(g+h) and (ap)f = «(Bf) forall f,g,h € Vanda, B € F; 


additive identity 
there exists an element 0 € V such that f +0 = f forall f € V; 


additive inverse 
for every f € V, there exists g € V such that f + g = 0; 


multiplicative identity 
1f =f forall f € V; 


distributive properties 
a(f +9) =af + ag and (a+ B)f = af + Bf forall x, 6 € F and f,g E V. 


Most vector spaces that you will encounter are subsets of the vector space F* 
presented in the next example. 
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6.28 Example the vector space FX 


Suppose X is a nonempty set. Let F* denote the set of functions from X to F. 
Addition and scalar multiplication on F* are defined as expected: for f, g € FX and 
a € F, define 


(f + 9)(x) = f(x) +(x) and (af)(x) = a(f(x)) 


for x € X. Then, as you should verify, FX is a vector space; the additive identity in 
this vector space is the function 0 € F* defined by 0(x) = 0 for all x € X. 


6.29 Example F"; FZ" 

Special case of the previous example: if n € Zt and X = {1,...,n}, then FX is 
the familiar space R” or C”, depending upon whether F = R or F = C. 

Another special case: FZ" is the vector space of all sequences of real numbers or 
complex numbers, again depending upon whether F = R or F = C. 


By considering subspaces, we can greatly expand our examples of vector spaces. 


6.30 Definition subspace 


A subset U of V is called a subspace of V if U is also a vector space (using the 
same addition and scalar multiplication as on V). 


The next result gives the easiest way to check whether a subset of a vector space 
is a subspace. 


6.31 conditions for a subspace 


A subset U of V is a subspace of V if and only if U satisfies the following three 
conditions: 


e additive identity 
OE U; 


e closed under addition 
f,g € U implies f +g € U; 


e closed under scalar multiplication 
« € Fand f € U implies af € U. 


Proof If U is a subspace of V, then U satisfies the three conditions above by the 
definition of vector space. 

Conversely, suppose U satisfies the three conditions above. The first condition 
above ensures that the additive identity of V is in U. 

The second condition above ensures that addition makes sense on U. The third 
condition ensures that scalar multiplication makes sense on U. 
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If f € V, then Of = (0+ 0)f =Of + Of. Adding the additive inverse of Of to 
both sides of this equation shows that Of = 0. Now if f € U, then (—1)f is also in 
U by the third condition above. Because f + (—1)f = (1+ (—1))f = 0f = 0, we 
see that (—1)f is an additive inverse of f. Hence every element of U has an additive 
inverse in U. 

The other parts of the definition of a vector space, such as associativity and 
commutativity, are automatically satisfied for U because they hold on the larger 
space V. Thus U is a vector space and hence is a subspace of V. 


The three conditions in 6.31 usually enable us to determine quickly whether a 
given subset of V is a subspace of V, as illustrated below. All the examples below 
except for the first bullet point involve concepts from measure theory. 


6.32 Example subspaces of F* 


e The set C((0, 1]) of continuous real-valued functions on [0,1] is a vector space 
over R because the sum of two continuous functions is continuous and a constant 
multiple of a continuous functions is continuous. In other words, C((0,1]}) is a 
subspace of REH, 


Suppose (X, S) is a measurable space. Then the set of S-measurable functions 
from X to F is a subspace of F* because the sum of two S-measurable functions 
is S-measurable and a constant multiple of an S-measurable function is S- 
measurable. 


Suppose (X, S, u) is a measure space. Then the set Z (u) of S-measurable 
functions f from X to F such that f = 0 almost everywhere [meaning that 
u({x € X : f(x) # 0}) = 0] is a vector space over F because the union of 
two sets with -measure 0 is a set with -measure 0 [which implies that Z (u) 
is closed under addition]. Note that Z (p) is a subspace of F*. 


Suppose (X, S) is a measurable space. Then the set of bounded measurable 
functions from X to F is a subspace of FX because the sum of two bounded 
S-measurable functions is a bounded S-measurable function and a constant mul- 
tiple of a bounded S-measurable function is a bounded S-measurable function. 


e Suppose (X, S, y) is a measure space. Then the set of S-measurable functions 
f from X to F such that f f du = 0 is a subspace of FX because of standard 
properties of integration. 


Suppose (X, S, u) is a measure space. Then the set £!(j) of S-measurable 
functions from X to F such that f |f| du < œ is a subspace of FX [we are now 
redefining L! (p) to allow for the possibility that F = R or F = C]. The set 
L1 (u) is closed under addition and scalar multiplication because f |f + g| du < 


S\fldut f|g| du and flaf| du = |a| ffl dy. 


The set £1 of all sequences (a1, a9, . . .) of elements of F such that 1-72; |az| < œ 


is a subspace of FZ". Note that £! is a special case of the example in the previous 
bullet point (take jz to be counting measure on Z*). 
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EXERCISES 6B 


1 


10 


Show that if a,b € R with a + bi Æ 0, then 
1 — a b i 
a+bi a+b? a?+4+b?' 
Suppose z € C. Prove that 
max{|Rez], |Imz|} < |z| < V2max{|Rez|, |Im z|}. 


|Re z| + |Imz| 


Suppose z € C. Prove that < |z| < |Rez| + |Im z]. 


Suppose w,z € C. Prove that |wz| = |w] |z| and |w + z| < |w| + |z|. 


Suppose (X, S) is a measurable space and f: X — C is a complex-valued 
function. For conditions (b) and (c) below, identify C with R?. Prove that the 
following are equivalent: 


(a) f is S-measurable. 
(b) f-1(G) € S for every open set G in R?. 
(c) f~!(B) € S for every Borel set B € Bo. 


Suppose (X,S) is a measurable space and f,g: X — C are S-measurable. 
Prove that 


(a) f +g, f — g, and fg are S-measurable functions; 
(b) if g(x) #0 for all x € X, then £ is an S-measurable function. 
Suppose (X, S) is a measurable space and fi, f2,... is a sequence of S- 
measurable functions from X to C. Suppose jim f(x) exists for each x € X. 
— 00 
Define f: X — C by 
f(x) = lim f(x). 
k= 
Prove that f is an S-measurable function. 


Suppose (X, S, 4) is a measure space and f: X — C is an S-measurable 
function such that f |f| dj < oo. Prove that if « € C, then 


fafau=a f fap. 


Suppose V is a vector space. Show that the intersection of every collection of 
subspaces of V is a subspace of V. 


Suppose V and W are vector spaces. Define V x W by 
VxW=({(f,g):f © Vandg € Wh. 
Define addition and scalar multiplication on V x W by 


(fi, 81) + (for 82) = (ft + for8it+g2) and a(f,g) = (af,ag). 


Prove that V x W is a vector space with these operations. 
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6C Normed Vector Spaces 


Norms and Complete Norms 


This section begins with a crucial definition. 
6.33 Definition norm; normed vector space 
A norm on a vector space V (over F) is a function ||-||: V — [0, 00) such that 
e ||f|| = 0 if and only if f = 0 (positive definite); 
e ||af|| = |a| ||f|| for all a € F and f € V (homogeneity); 


e ||f+g]| < IfI] + |lg|| for all f,g € V (triangle inequality). 


A normed vector space is a pair (V, ||: ||), where V is a vector space and ||- || is a 
norm on V. 


6.34 Example norms 
e Suppose n € Z*™. Define ||-||1 and ||-||.0 on F” by 
|| (a1,. % „an )lli = jai] + tae + |an| 


and 
|| (41,..+,4n) leo = max{|ay|,...,|an|}. 


Then ||-||; and ||-||.. are norms on F”, as you should verify. 


e On £ (see the last bullet point in Example 6.32 for the definition of ¢'), define 
lll by 


CO 
(aaz. Jll = So Jaxl. 
k 


Then ||: ||1 is a norm on £!, as you should verify. 


e Suppose X is a nonempty set and b(X) is the subspace of FX consisting of the 
bounded functions from X to F. For f a bounded function from X to F, define 


[fll by 
IfI] = sup{|f(x)| : x € X}. 
Then ||- || is a norm on b(X), as you should verify. 


e Let C([0,1]) denote the vector space of continuous functions from the interval 
[0,1] to F. Define ||-|| on C([0, 1]) by 


1 
fl = f fl 


Then ||-|| is a norm on C((0,1]), as you should verify. 
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Sometimes examples that do not satisfy a definition help you gain understanding. 


6.35 Example not norms 


e Let £'(R) denote the vector space of Borel (or Lebesgue) measurable functions 
f: R — F such that ['|f| dA < co, where A is Lebesgue measure on R. Define 
-ll on £*(R) by 


Ifl = [Iftar 


Then ||-||1 satisfies the homogeneity condition and the triangle inequality on 
£1(R), as you should verify. However, ||-||; is not a norm on £!(R) because 
the positive definite condition is not satisfied. Specifically, if E is a nonempty 
Borel subset of R with Lebesgue measure 0 (for example, E might consist of a 
single element of R), then ||x,||1 = 0 but x, 4 0. In the next chapter, we will 


discuss a modification of £!(R) that removes this problem. 


Ifn € Z* and ||-|| is defined on F” by 
\|(a1,--+,4n)|| = Jat +--+ lan], 


then ||- || satisfies the positive definite condition and the triangle inequality (as 
you should verify). However, ||-|| as defined above is not a norm because it does 
not satisfy the homogeneity condition. 


e If ||-||1/2 is defined on F” by 


2 
(a1 an) |lay2 = (l1 +++ + lanl, 


then ||-||1/2 satisfies the positive definite condition and the homogeneity condi- 
tion. However, if n > 1 then ||-||1/2 is not a norm on F” because the triangle 
inequality is not satisfied (as you should verify). 


The next result shows that every normed vector space is also a metric space in a 
natural fashion. 


6.36 normed vector spaces are metric spaces 


Suppose (V, ||-||) is a normed vector space. Define d: V x V — [0, œ) by 


d(f,g) = IF = gl 


Then d is a metric on V. 


Proof Suppose f,g,h € V. Then 
a(f,h) = |f -All = GC- 8) + (8 —A)ll 
< |f = sll + lls — +l 
=d(f,8) +d(g,h). 


Thus the triangle inequality requirement for a metric is satisfied. The verification of 
the other required properties for a metric are left to the reader. 
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From now on, all metric space notions in the context of a normed vector space 
should be interpreted with respect to the metric introduced in the previous result. 
However, usually there is no need to introduce the metric d explicitly—just use the 
norm of the difference of two elements. For example, suppose (V, ||-||) is a normed 
vector space, f1, f2,... is a sequence in V, and f € V. Then in the context of a 
normed vector space, the definition of limit (6.8) becomes the following statement: 


lim fp = f means lim || f, — f|| = 0. 
k— oœ k— oœ 


As another example, in the context of a normed vector space, the definition of a 
Cauchy sequence (6.12) becomes the following statement: 


A sequence fi, f2, ... in a normed vector space (V, ||- ||) is a Cauchy se- 
quence if for every £ > 0, there exists n € Z* such that || f; — f|| < £ for 
all integers j > n and k > n. 


Every sequence in a normed vector space that has a limit is a Cauchy sequence 
(see 6.13). Normed vector spaces that satisfy the converse have a special name. 


6.37 Definition Banach space 


A complete normed vector space is called a Banach space. 


In other words, a normed vector space 
V is a Banach space if every Cauchy se- 
quence in V converges to some element 
of V. 

The verifications of the assertions in 
Examples 6.38 and 6.39 below are left to 
the reader as exercises. 


In a slight abuse of terminology, we 
often refer to a normed vector space 
V without mentioning the norm ||- ||. 


When that happens, you should 
assume that a norm ||- || lurks nearby, 
even if it is not explicitly displayed. 


6.38 Example Banach spaces 


e The vector space C([0,1]) with the norm defined by || f|| = sup| f| is a Banach 
space. [0,1 


e The vector space ¢! with the norm defined by || (a1, a2, . . -)lj1 = Z% lax] is a 
Banach space. 


6.39 Example nota Banach space 


e The vector space C([0,1]) with the norm defined by ||f|| = 5 |f| is not a 
Banach space. 


e The vector space ¢! with the norm defined by ||(a1,42,...)||oo = sup |a,| is 
not a Banach space. keZ+ 


166 Chapter6 Banach Spaces 


6.40 Definition infinite sum in a normed vector space 


Suppose g1, g2, . - . is a sequence in a normed vector space V. Then } %4 8x is 
defined by 


n-oo 


ye = lim } gk 
k=l k=l 


if this limit exists, in which case the infinite series is said to converge. 


Recall from your calculus course that if 41, 42, . . . is a sequence of real numbers 
such that °°, |a;| < œ, then } z] a; converges. The next result states that the 
analogous property for normed vector spaces characterizes Banach spaces. 


6.41 (Elis <e = er converges) <= Banach space 


Suppose V is a normed vector space. Then V is a Banach space if and only if 
Vee & converges for every sequence 91, 9,... in V such that Eg | || ¢%|| < œ. 


Proof First suppose V is a Banach space. Suppose g1, 82, ... is a sequence in V such 
that $% ||g|| < œ. Suppose £ > 0. Letn € Z* be such that Dr _,,||gm||_ < £ 
For j € Z*, let fj denote the partial sum defined by 


If k > j > n, then 


If — Fill = lls ++ gell 
Igjtall +--+ + [gel 


œo 
< $} Mise 
m=n 


KE 


IA 


Thus fi, f2,... is a Cauchy sequence in V. Because V is a Banach space, we conclude 
that f1, fo,... converges to some element of V, which is precisely what it means for 
Ve ra1 & to converge, completing one direction of the proof. 

To prove the other direction, suppose )(7°_, gg converges for every sequence 
81, 82,-..in V such that )°7° 5 || ¢4|| < œ. Suppose fi, fo,... is a Cauchy sequence 
in V. We want to prove that f1, f2, . . . converges to some element of V. It suffices to 
show that some subsequence of f1, f2, . . . converges (by Exercise 14 in Section 6A). 
Dropping to a subsequence (but not relabeling) and setting fọ = 0, we can assume 
that 


L llf — fkl] < œ. 
k=1 


Hence } 4 (fk — fk-1) converges. The partial sum of this series after n terms is fn. 
Thus limy 500 fn exists, completing the proof. 
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Bounded Linear Maps 


When dealing with two or more vector spaces, as in the definition below, assume that 
the vector spaces are over the same field (either R or C, but denoted in this book as F 
to give us the flexibility to consider both cases). 

The notation Tf, in addition to the standard functional notation T( f ), is often 
used when considering linear maps, which we now define. 


6.42 Definition linear map 


Suppose V and W are vector spaces. A function T: V — W is called linear if 


e T(f+8g)=Tf +Tg forall f,g € V; 
e T(af) =aTf for alla € F and f € V. 


A linear function is often called a linear map. 


The set of linear maps from a vector space V to a vector space W is itself a vector 
space, using the usual operations of addition and scalar multiplication of functions. 
Most attention in analysis focuses on the subset of bounded linear functions, defined 
below, which we will see is itself a normed vector space. 

In the next definition, we have two normed vector spaces, V and W, which may 
have different norms. However, we use the same notation ||. || for both norms (and 
for the norm of a linear map from V to W) because the context makes the meaning 
clear. For example, in the definition below, f is in V and thus || || refers to the norm 
in V. Similarly, Tf € W and thus || Tf || refers to the norm in W. 


6.43 Definition bounded linear map; ||T\|; B(V,W) 


Suppose V and W are normed vector spaces and T: V — W is a linear map. 


e The norm of T, denoted ||T||, is defined by 


ITI] = sup{I|Tfll : f € V and |f|] < 1}. 


e T is called bounded if ||T|| < œœ. 


e The set of bounded linear maps from V to W is denoted B (V, W). 


6.44 Example bounded linear map 


Let C([0,3]) be the normed vector space of continuous functions from [0,3] to F, 
with || f|| = sup| f|. Define T: C([0,3]) — C([0,3]) by 


l (TF)(x) = 2f (x). 


Then T is a bounded linear map and ||T|| = 9, as you should verify. 
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6.45 Example linear map that is not bounded 


Let V be the normed vector space of sequences (41, 42, . . .) of elements of F such 
that a, = 0 for all but finitely many k € Z*, with || (a1, 42,...)||oo = maxgez+ larl. 
Define T: V > V by 


T (a4, A2, A3,.. =) = (a4, 2a, 343, xa Ja 
Then T is a linear map that is not bounded, as you should verify. 


The next result shows that if V and W are normed vector spaces, then B(V, W) is 
a normed vector space with the norm defined above. 


6.46 ||-|| isa norm on B(V, W) 


Suppose V and W are normed vector spaces. Then ||S + T|| < ||S|| + ||T|| 


and ||aT|| = |a| ||T|| for all S,T € B(V,W) and all a € F. Furthermore, the 
function ||-|| is a norm on B(V, 


Proof Suppose S,T € B(V,W). then 


|S + TI] = sup{l(S +T) fll: f € V and ||fI| < 1} 
< sup{||Sfl] + ITFI]: f € V and ||fl| < 1} 
< sup{||Sf|| : f € V and | fl] < 1} 
+sup{||Tfl|: f € V and ||f|| < 1} 
= [ISI + ITI 
The inequality above shows that ||-|| satisfies the triangle inequality on B(V,W). 


The verification of the other properties required for a normed vector space is left to 
the reader. 


Be sure that you are comfortable using all four equivalent formulas for ||T || shown 
in Exercise 16. For example, you should often think of ||T|| as the smallest number 
such that ||Tf|| < ||T|] || f || for all f in the domain of T. 

Note that in the next result, the hypothesis requires W to be a Banach space but 
there is no requirement for V to be a Banach space. 


6.47 B(V,W) isa Banach space if W is a Banach space 


Suppose V is a normed vector space and W is a Banach space. Then 6(V, W) is 
a Banach space. 


Proof Suppose T;,T>,... is a Cauchy sequence in B(V,W). If f € V, then 


Tf = Tefll < IT; — Tell IAA. 


which implies that Tı f, To f,... is a Cauchy sequence in W. Because W is a Banach 
space, this implies that T; f, T)f,... has a limit in W, which we call Tf. 
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We have now defined a function T: V — W. The reader should verify that T is a 
linear map. Clearly 


ITFI] < sup{llTefll : k € Z7} 
< (sup{||Tkl| : k € Z"}) If 


for each f € V. The last supremum above is finite because every Cauchy sequence is 
bounded (see Exercise 4). Thus T € B(V, W). 

We still need to show that limy_,.||T; — T|| = 0. To do this, suppose € > 0. Let 
n € Z* be such that ||T; — T;|| < e for all j > n and k > n. Suppose j > n and 
suppose f € V. Then 


(Tj —T) fll = lim |ITif — Tef | 
— 00 
< ellfll. 
Thus ||T; — T|| < £, completing the proof. 


The next result shows that the phrase bounded linear map means the same as the 
phrase continuous linear map. 


6.48 continuity is equivalent to boundedness for linear maps 


A linear map from one normed vector space to another normed vector space is 
continuous if and only if it is bounded. 


Proof Suppose V and W are normed vector spaces and T: V — W is linear. 
First suppose T is not bounded. Thus there exists a sequence f1, fo,...in V such 
that || f|| < 1 for each k € Z* and ||T f;,|| + œ as k — co. Hence 


=Ü an fk \. Thk 
=0 and Toren) = RI Po 


where the nonconvergence to 0 holds because Tf, /||Tf;,|| has norm 1 for every 
k € Z*. The displayed line above implies that T is not continuous, completing the 
proof in one direction. 

To prove the other direction, now suppose T is bounded. Suppose f € V and 
fi, f2,- - -is a sequence in V such that limo fk = f. Then 


Tf = TAI = ITO -PI 
< [TI Ife — fl. 


Thus liM Tf, = Tf. Hence T is continuous, completing the proof in the other 
direction. 


fk 
lim ——— 
k>o ||T fll 


Exercise 18 gives several additional equivalent conditions for a linear map to be 
continuous. 
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EXERCISES 6C 


10 


11 


12 


13 


Show that the map f > || f|| from a normed vector space V to F is continuous 
(where the norm on F is the usual absolute value). 


Prove that if V is a normed vector space, f € V, andr > 0, then 


B(f,r) = B(f,r). 


Show that the functions defined in the last two bullet points of Example 6.35 are 
not norms. 


Prove that each Cauchy sequence in a normed vector space is bounded (meaning 
that there is a real number that is greater than the norm of every element in the 
Cauchy sequence). 


Show that if n € Z*, then F” is a Banach space with both the norms used in the 
first bullet point of Example 6.34. 


Suppose X is a nonempty set and b(X) is the vector space of bounded functions 
from X to F. Prove that if ||-|| is defined on b(X) by || f|| = sup|f |, then b(X) 
is a Banach space. x 


Show that ¢' with the norm defined by ||(a1,42,...)||oo = sup [az] is not a 
Banach space. keZ* 


Show that ¢1 with the norm defined by || (a1,a2,..-)|]1 = L724 lap] is a Banach 
space. 


Show that the vector space C((0,1]) of continuous functions from [0,1] to F 
with the norm defined by || f|| = i |f| is not a Banach space. 


Suppose U is a subspace of a normed vector space V such that some open ball 
of V is contained in U. Prove that U = V. 


Prove that the only subsets of a normed vector space V that are both open and 
closed are Ø and V. 


Suppose V is a normed vector space. Prove that the closure of each subspace of 
V is a subspace of V. 


Suppose U is a normed vector space. Let d be the metric on U defined by 
d(f,g) = ||f — g|| for f,g € U. Let V be the complete metric space con- 
structed in Exercise 16 in Section 6A. 


(a) Show that the set V is a vector space under natural operations of addition 
and scalar multiplication. 


(b) Show that there is a natural way to make V into a normed vector space and 
that with this norm, V is a Banach space. 


(c) Explain why (b) shows that every normed vector space is a subspace of 
some Banach space. 


14 


15 


16 


17 


18 
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Suppose U is a subspace of a normed vector space V. Suppose also that W is a 
Banach space and S: U — W is a bounded linear map. 


(a) Prove that there exists a unique continuous function T: U — W such that 
Tiu =S. 

(b) Prove that the function T in part (a) is a bounded linear map from U to W 
and ||T|| = ||5|. 


(c) Give an example to show that part (a) can fail if the assumption that W is 
a Banach space is replaced by the assumption that W is a normed vector 
space. 


For readers familiar with the quotient of a vector space and a subspace: Suppose 
V is a normed vector space and U is a subspace of V. Define ||-|] on V/U by 


lf + Ul] = inf{||f + sll: g € U}. 


(a) Prove that ||- || is a norm on V/U if and only if U is a closed subspace of V. 
(b) Prove that if V is a Banach space and U is a closed subspace of V, then 


V /U (with the norm defined above) is a Banach space. 


wm 


(c) Prove that if U is a Banach space (with the norm it inherits from V) and 
V /U is a Banach space (with the norm defined above), then V is a Banach 
space. 


Suppose V and W are normed vector spaces with V Æ {0} and T: V > Wis 
a linear map. 

(a) Show that ||T|| = sup{||Tf|| : f € V and || f|| < 1}. 

(b) Show that ||T|| = sup{||Tf|| : f € V and || f|| = 1}. 

(c) Show that ||T|| = inf{c € [0,00) : || Tf|| < c||f|| for all f € V}. 


(d) Show that ||T|| = sup{ TA :f E€ Vand f £ o}. 


Suppose U, V, and W are normed vector spaces and T: U + V and S: V > W 
are linear. Prove that ||S o T|| < ||SI| I|T]|. 


Suppose V and W are normed vector spaces and T: V — W is a linear map. 
Prove that the following are equivalent: 

(a) T is bounded. 

(b) There exists f € V such that T is continuous at f. 


(c) T is uniformly continuous (which means that for every € > 0, there exists 
ô > 0 such that ||Tf — Tg|| < e for all f,g € V with ||f — g|| < 4). 


(d) T~+(B(0,r)) is an open subset of V for some r > 0. 
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6D Linear Functionals 


Bounded Linear Functionals 


Linear maps into the scalar field F are so important that they get a special name. 


A linear functional on a vector space V is a linear map from V to F. 


When we think of the scalar field F as a normed vector space, as in the next 
example, the norm ||z|| of a number z € F is always intended to be just the usual 
absolute value |z|. This norm makes F a Banach space. 


6.50 Example linear functional 


Let V be the vector space of sequences (a1, a2, . ..) of elements of F such that 
ap = 0 for all but finitely many k € Z*. Define gp: V — F by 


p(a1,42,.-.) = }_ ag. 
k=1 


Then ọ is a linear functional on V. so 


e If we make V a normed vector space with the norm || (a1, 42,...)||1 = }_ Jaxl, 
then ọ is a bounded linear functional on V, as you should verify. k=1 


e If we make V a normed vector space with the norm ||(a1,4@2,...)||co = max|a,|, 
. . x . F 
then ọ is not a bounded linear functional on V, as you should verify. 


Definition 


Suppose V and W are vector spaces and T: V — W is a linear map. Then the 


null space of T is denoted by null T and is defined by 
SE av er = O 


If T is a linear map on a vector space 
V, then null T is a subspace of V, as you 
should verify. If T is a continuous linear 
map from a normed vector space V to a 
normed vector space W, then null T is a 
closed subspace of V because null T = 
T-1({0}) and the inverse image of the 
closed set {0} is closed [by 6.11(d)]. 

The converse of the last sentence fails, because a linear map between normed 
vector spaces can have a closed null space but not be continuous. For example, the 
linear map in 6.45 has a closed null space (equal to {0}) but it is not continuous. 

However, the next result states that for linear functionals, as opposed to more 
general linear maps, having a closed null space is equivalent to continuity. 


The term kernel is also used in the 
mathematics literature with the 
same meaning as null space. This 


book uses null space instead of 
kernel because null space better 
captures the connection with 0. 
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6.52 bounded linear functionals 


Suppose V is a normed vector space and g: V — F is a linear functional that is 
not identically 0. Then the following are equivalent: 


(a) gis a bounded linear functional. 


(b) gis a continuous linear functional. 
(c) null @ is a closed subspace of V. 


(d) nullg 4 V. 


Proof The equivalence of (a) and (b) is just a special case of 6.48. 

To prove that (b) implies (c), suppose @ is a continuous linear functional. Then 
null p, which is the inverse image of the closed set {0}, is a closed subset of V by 
6.11(d). Thus (b) implies (c). 

To prove that (c) implies (a), we will show that the negation of (a) implies the 
negation of (c). Thus suppose ¢@ is not bounded. Thus there is a sequence fi, f2,... 
in V such that || f;|| < 1 and |p(f,.)| > k for each k € Zt. Now 


fi fk 


P (fr) E null ọ This proof makes major use of 
dividing by expressions of the form 
+ 
for each k € Z* and o(f), which would not make sense 
lim ( fi fk ) o f for a linear mapping into a vector 
k>o\ lfi) elfe) olf) space other than F. 
Clearly 


fı ) = fi 
eS 1 and thus TA ¢ null ọ. 
The last three displayed items imply that null ọ is not closed, completing the proof 
that the negation of (a) implies the negation of (c). Thus (c) implies (a). 

We now know that (a), (b), and (c) are equivalent to each other. 

Using the hypothesis that @ is not identically 0, we see that (c) implies (d). To 
complete the proof, we need only show that (d) implies (c), which we will do by 
showing that the negation of (c) implies the negation of (d). Thus suppose null 9 is 
not a closed subspace of V. Because null ọ is a subspace of V, we know that null o 
is also a subspace of V (see Exercise 12 in Section 6C). Let f € null ọ \ nullg. 
Suppose g € V. Then 


The term in large parentheses above is in null ọ and hence is in null g. The term 
above following the plus sign is a scalar multiple of f and thus is in null g. Because 
the equation above writes g as the sum of two elements of null p, we conclude that 
g € null ọ. Hence we have shown that V = null g, completing the proof that the 
negation of (c) implies the negation of (d). 
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Discontinuous Linear Functionals 


The second bullet point in Example 6.50 shows that there exists a discontinuous linear 
functional on a certain normed vector space. Our next major goal is to show that every 
infinite-dimensional normed vector space has a discontinuous linear functional (see 
6.62). Thus infinite-dimensional normed vector spaces behave in this respect much 
differently from F”, where all linear functionals are continuous (see Exercise 4). 
We need to extend the notion of a basis of a finite-dimensional vector space to an 
infinite-dimensional context. In a finite-dimensional vector space, we might consider 
a basis of the form e1, . . . , €n, where n € Z* and each ex is an element of our vector 
space. We can think of the list e1, . . . , €n as a function from {1, sky n} to our vector 
space, with the value of this function at k € {1,...,m} denoted by eg with a subscript 
k instead of by the usual functional notation e(k). To generalize, in the next definition 
we allow {1,...,7} to be replaced by an arbitrary set that might not be a finite set. 


6.53 Definition family 


A family {eç }ķer in a set V is a function e from a set T to V, with the value of 
the function e at k € T denoted by ex. 


Even though a family in V is a function mapping into V and thus is not a subset 
of V, the set terminology and the bracket notation {e, }ķer are useful, and the range 
of a family in V really is a subset of V. 

We now restate some basic linear algebra concepts, but in the context of vector 
spaces that might be infinite-dimensional. Note that only finite sums appear in the 
definition below, even though we might be working with an infinite family. 


6.54 Definition linearly independent; span; basis 


Suppose {ex }ķer is a family in a vector space V. 


e {e;}ker is called linearly independent if there does not exist a finite 
nonempty subset Q of I and a family {aj}jeq in F \ {0} such that 


Lica Hie; =Q. 


The span of {ex }ķer is denoted by span{ex}ķer and is defined to be the set 
of all sums of the form 
Lae). 


jeO 


where Q is a finite subset of T and {«;}jeq is a family in F. 


A vector space V is called finite-dimensional if there exists a finite set T and 
a family {e,},cr in V such that span{e,},er = V. 


A vector space is called infinite-dimensional if it is not finite-dimensional. 


A family in V is called a basis of V if it is linearly independent and its span 
equals V. 
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For example, {x”} n<{0,1,2,...} i8 a ba- 
sis of the vector space of polynomials. 

Our definition of span does not take 
advantage of the possibility of summing 
an infinite number of elements in contexts 
where a notion of limit exists (as is the 
case in normed vector spaces). When we get to Hilbert spaces in Chapter 8, we 
consider another kind of basis that does involve infinite sums. As we will soon see, 
the kind of basis as defined here is just what we need to produce discontinuous linear 
functionals. 

Now we introduce terminology that 
will be needed in our proof that every vec- 
tor space has a basis. 


The term Hamel basis is sometimes 
used to denote what has been called 
a basis here. The use of the term 


Hamel basis emphasizes that only 
finite sums are under consideration. 


No one has ever produced a 
concrete example of a basis of an 
infinite-dimensional Banach space. 


6.55 Definition maximal element 


Suppose A is a collection of subsets of a set V. A set T € A is called a maximal 
element of A if there does not exist I’ € A such that T G T”. 


6.56 Example maximal elements 


For k € Z, let kZ denote the set of integer multiples of k; thus kZ = {km : m € Z}. 
Let A be the collection of subsets of Z defined by A = {kZ : k = 2,3,4,...}. 
Suppose k € Z+. Then kZ is a maximal element of A if and only if k is a prime 
number, as you should verify. 


A subset T of a vector space V can be thought of as a family in V by considering 
{er} fer, where ef = f. With this convention, the next result shows that the bases of 
V are exactly the maximal elements among the collection of linearly independent 
subsets of V. 


6.57 bases as maximal elements 


Suppose V is a vector space. Then a subset of V is a basis of V if and only if it is 
a maximal element of the collection of linearly independent subsets of V. 


Proof Suppose I is a linearly independent subset of V. 

First suppose also that T is a basis of V. If f € V but f ¢ T, then f € spanT, 
which implies that T U { f } is not linearly independent. Thus T is a maximal element 
among the collection of linearly independent subsets of V, completing one direction 
of the proof. 

To prove the other direction, suppose now that Į is a maximal element of the 
collection of linearly independent subsets of V. If f € V but f ¢ spanT, then 
T U {f} is linearly independent, which would contradict the maximality of T among 
the collection of linearly independent subsets of V. Thus span T = V, which means 
that T is a basis of V, completing the proof in the other direction. 
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The notion of a chain plays a key role in our next result. 


6.58 Definition chain 


A collection C of subsets of a set V is called a chain if Q,T € C implies Q C T 
orc. 


6.59 Example chains 


e The collection C = {4Z,6Z} of subsets of Z is not a chain because neither of 
the sets 4Z or 6Z is a subset of the other. 


e The collection C = {2"Z : n € Z*} of subsets of Z is a chain because if 
m,n € Zt, then 2”Z C 2"Z or 2"Z C 2”Z. 


The next result follows from the Ax- 
iom of Choice, although it is not as intu- 
itively believable as the Axiom of Choice. 
Because the techniques used to prove the 
next result are so different from tech- 
niques used elsewhere in this book, the 
reader is asked either to accept this result without proof or find one of the good proofs 
available via the internet or in other books. The version of Zorn’s Lemma stated here 
is simpler than the standard more general version, but this version is all that we need. 


6.60 Zorn’s Lemma 


Suppose V is a set and A is a collection of subsets of V with the property that 
the union of all the sets in C is in A for every chain C C A. Then A contains a 
maximal element. 


Zorn’s Lemma is named in honor of 
Max Zorn (1906—1993), who 
published a paper containing the 
result in 1935, when he had a 
postdoctoral position at Yale. 


Zorn’s Lemma now allows us to prove that every vector space has a basis. The 
proof does not help us find a concrete basis because Zorn’s Lemma is an existence 
result rather than a constructive technique. 


6.61 bases exist 


Every vector space has a basis. 


Proof Suppose V is a vector space. If C is a chain of linearly independent subsets 
of V, then the union of all the sets in C is also a linearly independent subset of V (this 
holds because linear independence is a condition that is checked by considering finite 
subsets, and each finite subset of the union is contained in one of the elements of the 
chain). 

Thus if A denotes the collection of linearly independent subsets of V, then A 
satisfies the hypothesis of Zorn’s Lemma (6.60). Hence A contains a maximal 
element, which by 6.57 is a basis of V. 
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Now we can prove the promised result about the existence of discontinuous linear 
functionals on every infinite-dimensional normed vector space. 


6.62 discontinuous linear functionals 


Every infinite-dimensional normed vector space has a discontinuous linear 
functional. 


Proof Suppose V is an infinite-dimensional vector space. By 6.61, V has a basis 
{ex}ker. Because V is infinite-dimensional, T is not a finite set. Thus we can assume 
Z* CT (by relabeling a countable subset of T). 

Define a linear functional p: V — F by setting g(e;) equal to j||e;|| for j € Z+, 
setting p(e;) equal to 0 for j € T \ Z+, and extending linearly. More precisely, define 
a linear functional gp: V — F by 


(dae) = X vilel 
GEO. jEQNZ+ 
for every finite subset © C T and every family {a;}jeq in F. 


Because g(e;) = j|le;|| for each j € Z7, the linear functional ọ is unbounded, 
completing the proof. 


Hahn—Banach Theorem 


In the last subsection, we showed that there exists a discontinuous linear functional 
on each infinite-dimensional normed vector space. Now we turn our attention to the 
existence of continuous linear functionals. 

The existence of a nonzero continuous linear functional on each Banach space is 
not obvious. For example, consider the Banach space 2° /cg, where £% is the Banach 
space of bounded sequences in F with 


| (41,42, oe .) Ilo = sup |x| 
keZt 
and cọ is the subspace of £% consisting of those sequences in F that have limit 0. The 
quotient space 4% /cọ is an infinite-dimensional Banach space (see Exercise 15 in 
Section 6C). However, no one has ever exhibited a concrete nonzero linear functional 
on the Banach space 4° /cọ. 

In this subsection, we show that infinite-dimensional normed vector spaces have 
plenty of continuous linear functionals. We do this by showing that a bounded linear 
functional on a subspace of a normed vector space can be extended to a bounded 
linear functional on the whole space without increasing its norm—this result is called 
the Hahn—Banach Theorem (6.69). 

Completeness plays no role in this topic. Thus this subsection deals with normed 
vector spaces instead of Banach spaces. 

We do most of the work needed to prove the Hahn—Banach Theorem in the next 
lemma, which shows that we can extend a linear functional to a subspace generated 
by one additional element, without increasing the norm. This one-element-at-a-time 
approach, when combined with a maximal object produced by Zorn’s Lemma, gives 
us the desired extension to the full normed vector space. 
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If V is areal vector space, U is a subspace of V, and h € V, then U + Rh is the 
subspace of V defined by 


U+Rh={f+ah: f € Uanda ec R}. 


6.63 Extension Lemma 


Suppose V is a real normed vector space, U is a subspace of V, and y: U > R 


is a bounded linear functional. Suppose h € V \ U. Then y can be extended to a 
bounded linear functional g: U + Rh —> R such that ||¢|| = Ill]. 


Proof Suppose c € R. Define y(h) to be c, and then extend ọ linearly to U + Rh. 
Specifically, define gp: U + Rh > R by 


pf + ah) = p(f) +c 


for f € U and « € R. Then ọ is a linear functional on U + RA. 

Clearly g|y = ~. Thus ||g|| > |||]. We need to show that for some choice of 
c € R, the linear functional ¢ defined above satisfies the equation ||g|| = |||]. In 
other words, we want 


6.64 lp(f) +ac] < ||| |f +ah|| forall f € Uandalla € R. 
It would be enough to have 


6.65 WA) +el < Iel f+ All foral f € U, 


because replacing f by i in the last inequality and then multiplying both sides by |a| 
would give 6.64. 
Rewriting 6.65, we want to show that there exists c € R such that 


WF +All SoA) +e < lell +All forall f eu. 


Equivalently, we want to show that there exists c € R such that 


OF +All = 9) ses [lp IF +All — ef) forall f eu. 


The existence of c € R satisfying the line above follows from the inequality 


6.66  sup(-llẹll If +#Il — (A) < inf (Yl lis +All — ¥(g)). 
feu sE 


To prove the inequality above, suppose f,g € U. Then 


=el + Al = A) < ele +All- le- FID — oA) 
= liyii +All- ls = FID + oe — f) — yls) 
< |I#ll lg + 4ll — ¥(g). 


The inequality above proves 6.66, which completes the proof. 
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Because our simplified form of Zorn’s Lemma deals with set inclusions rather 
than more general orderings, we need to use the notion of the graph of a function. 


6.67 Definition graph 


Suppose T: V — W is a function from a set V to a set W. Then the graph of T 
is denoted graph(T) and is the subset of V x W defined by 


graph(T) = {(f,T(f)) @Vx W: f € Vi. 


Formally, a function from a set V to a set W equals its graph as defined above. 
However, because we usually think of a function more intuitively as a mapping, the 
separate notion of the graph of a function remains useful. 

The easy proof of the next result is left to the reader. The first bullet point 
below uses the vector space structure of V x W, which is a vector space with natural 
operations of addition and scalar multiplication, as given in Exercise 10 in Section 6B. 


6.68 function properties in terms of graphs 


Suppose V and W are normed vector spaces and T: V — W isa function. 


(a) T is a linear map if and only if graph(T) is a subspace of V x W. 


(b) Suppose U C V and S: U — W is a function. Then T is an extension of S 
if and only if graph(S) C graph(T). 


(c) If T: V > W is a linear map and c € [0, œ), then ||T|| < c if and only if 
igl] < ¢llfll for all (f, g) € graph(T). 


The proof of the Extension Lemma 
(6.63) used inequalities that do not make 
sense when F = C. Thus the proof of the 
Hahn—Banach Theorem below requires 
some extra steps when F = C. 


Hans Hahn (1879-1934) was a 
student and later a faculty member 
at the University of Vienna, where 
one of his PhD students was Kurt 
Gödel (1906-1978). 


6.69 Hahn—Banach Theorem 


Suppose V is a normed vector space, U is a subspace of V, and y: U —> F isa 


bounded linear functional. Then Ņ can be extended to a bounded linear functional 
on V whose norm equals || 11]. 


Proof First we consider the case where F = R. Let A be the collection of subsets 
E of V x R that satisfy all the following conditions: 


e E = graph(¢) for some linear functional pọ on some subspace of V; 
e graph() C E; 
e |a] < Il] [If] for every (f, a) € E. 
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Then A satisfies the hypothesis of Zorn’s Lemma (6.60). Thus A has a maximal 
element. The Extension Lemma (6.63) implies that this maximal element is the graph 
of a linear functional defined on all of V. This linear functional is an extension of p 

=R. 


Now consider the case where F = C. Define p1: U —> R by 


pı (f) = Rep(f) 
for f € U. Then y1 is an R-linear map from U to R and ||#|| < ||y|| (actually 
IP] = 


pU) = Rep(f) +iIm o(f) 
= pı(f) + ilm(—ip Gf) 
= (f) —iRe(p(if)) 
6.70 = pı (f) — ifn (if) 
for all f € U. 
Temporarily forget that complex scalar multiplication makes sense on V and 
temporarily think of V as a real normed vector space. The case of the result that 
we have already proved then implies that there exists an extension @ of y to an 


R-linear functional |: V —> R with ||¢1|| = ||y1|| < ||P]. 
Motivated by 6.70, we define p: V — C by 


PF) = pf) —ipilif) 
for f € V. The equation above and 6.70 imply that @ is an extension of tp to V. The 
equation above also implies that p(f +g) = p(f) + 9(g) and p(af) = ag(f) for 
all f,g € V and all œ € R. Also, 
Plif) = lf) — ipi(—f) = lif) + igi(f) = ilp) — ipilif)) = ipf). 
The reader should use the equation above to show that @ is a C-linear map. 


The only part of the proof that remains is to show that ||@||_< |||]. To do this, 
note that 


le AP = PA) = eA) < AOA = lvl eI IA 


for all f € V, where the second equality holds because (9(f). Pf ) € R. Dividing by 
|p(f)|, we see from the line above that |p(f)| < |||] || f|| for all f € V (no division 
necessary if p(f) = 0). This implies that ||g|| < |||], completing the proof. 


We have given the special name linear functionals to linear maps into the scalar 
field F. The vector space of bounded linear functionals now also gets a special name 
and a special notation. 


6.71 Definition dual space 


Suppose V is a normed vector space. Then the dual space of V, denoted V’, is the 


normed vector space consisting of the bounded linear functionals on V. In other 
words, V’ = B(V,F). 


By 6.47, the dual space of every normed vector space is a Banach space. 
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6.72 ||f|| = max{|p(f)|: p € V’ and ||9|| = 1} 


Suppose V is a normed vector space and f € V \ {0}. Then there exists p € V’ 
such that || p|] = 1 and ||f|| = pQ). 


Proof Let U be the 1-dimensional subspace of V defined by 
U= {af:a€F}. 
Define y: U — F by 
plaf) = all fll 
for a € F. Then y is a linear functional on U with ||p|| = 1 and p(f) = ||f||. The 


Hahn-Banach Theorem (6.69) implies that there exists an extension of y to a linear 
functional g on V with || g|| = 1, completing the proof. 


The next result gives another beautiful application of the Hahn—Banach Theorem, 
with a useful necessary and sufficient condition for an element of a normed vector 
space to be in the closure of a subspace. 


6.73 condition to be in the closure of a subspace 


Suppose U is a subspace of a normed vector space V andh € V. Thenh € U if 
and only if p(h) = 0 for every pọ € V’ such that g|y = 0. 


Proof First suppose h € U. If g € V’ and g|y = 0, then g(h) = 0 by the 
continuity of p, completing the proof in one direction. _ 
To prove the other direction, suppose now that h ¢ U. Define y: U + Fh — F by 


p(f + ah) =a 

for f € U and « € F. Then y is a linear functional on U + Fh with null y = U and 
ph = 

Because h ¢ U, the closure of the null space of y does not equal U + Fh. Thus 
6.52 implies that y is a bounded linear functional on U + Fh. 

The Hahn—Banach Theorem (6.69) implies that can be extended to a bounded 
linear functional g on V. Thus we have found g € V’ such that g|y = 0 but 
g(h) Æ 0, completing the proof in the other direction. 


EXERCISES 6D 


1 Suppose V is a normed vector space and ọ is a linear functional on V. Suppose 
a € F \ {0}. Prove that the following are equivalent: 


(a) gis a bounded linear functional. 
(b) 7t (æ) is a closed subset of V. 


(c) p l(a) # V. 
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Suppose ¢ọ is a linear functional on a vector space V. Prove that if U is a 
subspace of V such that null g C U, then U = null g or U = V. 
Suppose ¢ and y are linear functionals on the same vector space. Prove that 
nullg C null y 


if and only if there exists w € F such that Y = «ọgọ. 


For the next two exercises, F” should be endowed with the norm ||- || as defined 
in Example 6.34. 


4 


10 


11 


12 


13 


Suppose n € Z* and V is a normed vector space. Prove that every linear map 
from F” to V is continuous. 


Suppose n € Z*, V is a normed vector space, and T: F” — V is a linear map 
that is one-to-one and onto V. 


(a) Show that 
inf{||Tx|| : x € F” and ||x||.. = 1} > 0. 


(b) Prove that T~!: V — F” is a bounded linear map. 


Suppose n € Zt. 


(a) Prove that all norms on F” have the same convergent sequences, the same 
open sets, and the same closed sets. 


(b) Prove that all norms on F” make F” into a Banach space. 


Suppose V and W are normed vector spaces and V is finite-dimensional. Prove 
that every linear map from V to W is continuous. 


Prove that every finite-dimensional normed vector space is a Banach space. 


Prove that every finite-dimensional subspace of each normed vector space is 
closed. 


Give a concrete example of an infinite-dimensional normed vector space and a 
basis of that normed vector space. 


Show that the collection A = {kZ : k = 2,3,4,...} of subsets of Z satisfies 
the hypothesis of Zorn’s Lemma (6.60). 


Prove that every linearly independent family in a vector space can be extended 
to a basis of the vector space. 


Suppose V is a normed vector space, U is a subspace of V, and y: U —> Risa 
bounded linear functional. Prove that i) has a unique extension to a bounded 
linear functional g on V with ||@|| = |||] if and only if 


sup(—llvll If +All- of) (Iel lis +All- ¥(s)) 


= inf 
gcu 


for every h € V \ U. 


14 


15 


16 
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Show that there exists a linear functional g: £ — F such that 


|p(a1,42,..-)| < ||(41,42,---) leo 


for all (a1,a2,...) E€ 4° and 


9(a1,a2,...) = lim ag 
k- œ 


for all (a1,a2,...) € £ such that the limit above on the right exists. 


Suppose B is an open ball in a normed vector space V such that 0 ¢ B. Prove 
that there exists p € V’ such that 


Re g(f) >0 


for all f € B. 


Show that the dual space of each infinite-dimensional normed vector space is 
infinite-dimensional. 


A normed vector space is called separable if it has a countable subset whose clo- 
sure equals the whole space. 


17 
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Suppose V is a separable normed vector space. Explain how the Hahn-Banach 
Theorem (6.69) for V can be proved without using any results (such as Zorn’s 
Lemma) that depend upon the Axiom of Choice. 


Suppose V is a normed vector space such that the dual space V’ is a separable 
Banach space. Prove that V is separable. 


Prove that the dual of the Banach space C([0,1]) is not separable; here the norm 
on C({0,1]) is defined by || f|| = sup] f|. 
1 


, 


The double dual space of a normed vector space is defined to be the dual space of 
the dual space. If V is a normed vector space, then the double dual space of V is 
denoted by V"; thus V” = (V’)’. The norm on V" is defined to be the norm it 
receives as the dual space of V’. 


20 


21 


Define ®: V —> V” by 
(fp) = ff) 


for f € Vand g € V’. Show that ||®f|| = || f|| for every f € V. 
[The map ® defined above is called the canonical isometry of V into V".] 


Suppose V is an infinite-dimensional normed vector space. Show that there is a 
convex subset U of V such that U = V and such that the complement V \ U is 
also a convex subset of V with V\u =V 

[See 8.25 for the definition of a convex set. This exercise should stretch your 
geometric intuition because this behavior cannot happen in finite dimensions. ] 
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6E Consequences of Baire’s Theorem 


This section focuses on several important 
results about Banach spaces that depend 
upon Baire’s Theorem. This result was 
first proved by René-Louis Baire (1874— 
1932) as part of his 1899 doctoral disserta- 
tion at Ecole Normale Supérieure (Paris). 

Even though our interest lies primar- 
ily in applications to Banach spaces, the 
proper setting for Baire’s Theorem is the 
more general context of complete metric 
spaces. 


The result here called Baire’s 
Theorem is often called the Baire 
Category Theorem. This book uses 
the shorter name of this result 
because we do not need the 
categories introduced by Baire. 


Furthermore, the use of the word 
category in this context can be 
confusing because Baire’s 
categories have no connection with 
the category theory that developed 
decades after Baire’s work. 


Baire’s Theorem 


We begin with some key topological notions. 


Suppose U is a subset of a metric space V. The interior of U, denoted int U, is 
the set of f € U such that some open ball of V centered at f with positive radius 
is contained in U. 


You should verify the following elementary facts about the interior. 


e The interior of each subset of a metric space is open. 


e The interior of a subset U of a metric space V is the largest open subset of V 
contained in U. 


A subset U of a metric space V is called dense in V if U = V. 


For example, Q and R \ Q are both dense in R, where R has its standard metric 
d(x,y) = |x = yl. 


You should verify the following elementary facts about dense subsets. 


e A subset U of a metric space V is dense in V if and only if every nonempty open 
subset of V contains at least one element of U. 


e A subset U of a metric space V has an empty interior if and only if V \ U is 
dense in V. 


The proof of the next result uses the following fact, which you should first prove: 
IfG is an open subset of a metric space V and f € G, then there exists r > 0 such 
that B(f,r) C G. 
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6.76 Baire’s Theorem 


(a) A complete metric space is not the countable union of closed subsets with 
empty interior. 


(b) The countable intersection of dense open subsets of a complete metric space 
is nonempty. 


Proof We will prove (b) and then use (b) to prove (a). 

To prove (b), suppose (V,d) is a complete metric space and Gj, G,... is a 
sequence of dense open subsets of V. We need to show that NK; Gk 4 Ø. 

Let fı € Gı and let ry € (0,1) be such that B(f1,r1) C G1. Now suppose 
n € Z*, and fir- -, fn and 11,...,1» have been chosen such that 


6.77 B(furi) D B(for2) D+- D BU fun) 
and 
6.78 rje (0,3) and B(fi,rj)CG forj=1,...,n 


Because B(fn, rn) is an open subset of V and G,,,1 is dense in V, there exists 
fa+1 € B(fn,rn) O Gast. Let ty € (0, a) be such that 


B(fn41/Tn41) Cc B(fn, Tn) N Gn+1- 


Thus we inductively construct a sequence f1, f2,... that satisfies 6.77 and 6.78 for 
aln € Zt. 
If j € Z”, then 6.77 and 6.78 imply that 


6.79 fk EBlfjrj) and (fife) Srj<} forallk> j. 


Hence fi, f2, . . . is a Cauchy sequence. Because (V, d) is a complete metric space, 
there exists f € V such that liMk—oo fk = 

Now 6.79 and 6.78 imply that for each j € Zt, we have f € B(fj,7;) C G; 
Hence f € MK Gg, which means that 24 G; is not the empty set, Baa the 
proof of (b). 

To prove (a), suppose (V,d) is a complete metric space and F}, F2, ... is a se- 
quence of closed subsets of V with empty interior. Then V \ A, V \ Fo,... isa 
sequence of dense open subsets of V. Now (b) implies that 


o+ 


_)8 


(V \ F). 


k=1 


Taking complements of both sides above, we conclude that 
VAUR 
k=1 


completing the proof of (a). 
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Because 


R= Ut) 


xER 


and each set {x} has empty interior in R, Baire’s Theorem implies R is uncountable. 
Thus we have yet another proof that R is uncountable, different than Cantor’s original 
diagonal proof and different from the proof via measure theory (see 2.17). 

The next result is another nice consequence of Baire’s Theorem. 


6.80 the set of irrational numbers is not a countable union of closed sets 


There does not exist a countable collection of closed subsets of R whose union 
equals R \ Q. 


Proof This will be a proof by contradiction. Suppose Fj, F5,... is a countable 
collection of closed subsets of R whose union equals R \ Q. Thus each F; contains 
no rational numbers, which implies that each F, has empty interior. Now 


n= (U)V (Ux), 


The equation above writes the complete metric space R as a countable union of 
closed sets with empty interior, which contradicts Baire’s Theorem [6.76(a)]. This 
contradiction completes the proof. 


Open Mapping Theorem and Inverse Mapping Theorem 


The next result shows that a surjective bounded linear map from one Banach space 
onto another Banach space maps open sets to open sets. As shown in Exercises 10 
and 11, this result can fail if the hypothesis that both spaces are Banach spaces is 
weakened to allow either of the spaces to be a normed vector space. 


6.81 Open Mapping Theorem 


Suppose V and W are Banach spaces and T is a bounded linear map of V onto W. 
Then T(G) is an open subset of W for every open subset G of V. 


Proof Let B denote the open unit ball B(0,1) = {f € V: ||f|| < 1} of V. For any 
open ball B(f,a) in V, the linearity of T implies that 


T(B(f,a)) = Tf +aT(B). 


Suppose G is an open subset of V. If f € G, then there exists a > 0 such that 
B(f,a) C G. If we can show that 0 € int T(B), then the equation above shows that 
Tf €intT(B(f,a)). This would imply that T(G) is an open subset of W. Thus to 
complete the proof we need only show that T(B) contains some open ball centered 
at 0. 
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The surjectivity and linearity of T imply that 


W = U T(kB) = U kT(B) 
k=1 = 
Thus W = Ug, kT(B). Baire’s Theorem [6.76(a)] now implies that kT (B) has a 
nonempty interior for some k € Z*. The linearity of T allows us to conclude that 
T(B) has a nonempty interior. 
Thus there exists g € B such that Tg € int T(B). Hence 


0 € int T(B— g) C int T(2B) = int2T(B). 


Thus there exists r > 0 such that B(0,2r) C 2T(B) [here B(0,2r) is the closed ball 
in W centered at 0 with radius 2r]. Hence B(0,r) C T(B). The definition of what it 
means to be in the closure of T(B) [see 6.7] now shows that 


h € Wand ||h|| < r and e > 0 = > Jf € B such that ||h — Tf|| < e. 


rh shows that 


For arbitrary h 4 0 in W, applying the result in the line above to Ta 


6.82 h€Wande>0 => Jf € LLB such that || — Tf || < e. 


Now suppose g € W and ||g|| < 1. Applying 6.82 with h = g and £ = 5, we see 
that 
there exists fı € +B such that r -Tfill< 4 


Now applying 6.82 with h = g — Tf; and £ = 3, we see that 
there exists f € +B such that i; —Tfhi-Tf|| < 4 
Applying 6.82 again, this time with h = g — Tf, — T fz ande = - we see that 
there exists f3 € +B such that |g — Tf; — Th — Tfsl| < $ 


Continue in this pattern, constructing a sequence fy, fo,... in V. Let 


œo 
f= fe 
k=1 
where the infinite sum converges in V because 


1 2 


Dill < grn 


r 


here we are using 6.41 (this is the place in the proof where we use the hypothesis that 
V is a Banach space). The inequality displayed above shows that ||f|| < 2. 
Because 


1 
ls = Tfi = Tf =: Tfal] < za 


and because T is a continuous linear map, we have g = Tf. 
We have now shown that B(0,1) C 2T(B). Thus 4B(0,1) C T(B), completing 
the proof. 
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The next result provides the useful in- 
formation that if a bounded linear map 
from one Banach space to another Banach 
space has an algebraic inverse (meaning 
that the linear map is injective and surjec- 
tive), then the inverse mapping is automatically bounded. 


The Open Mapping Theorem was 
first proved by Banach and his 


colleague Juliusz Schauder 
(1899-1943) in 1929-1930. 


6.83 Bounded Inverse Theorem 


Suppose V and W are Banach spaces and T is a one-to-one bounded linear map 
from V onto W. Then T~! is a bounded linear map from W onto V. 


Proof The verification that T7! is a linear map from W to V is left to the reader. 
To prove that T~! is bounded, suppose G is an open subset of V. Then 


-1\—1 
(T=) (G)=T(G). 
By the Open Mapping Theorem (6.81), T(G) is an open subset of W. Thus the 
equation above shows that the inverse image under the function T~! of every open 
set is open. By the equivalence of parts (a) and (c) of 6.11, this implies that T~! is 
continuous. Thus T~! is a bounded linear map (by 6.48). 


The result above shows that completeness for normed vector spaces sometimes 
plays a role analogous to compactness for metric spaces (think of the theorem stating 
that a continuous one-to-one function from a compact metric space onto another 
compact metric space has an inverse that is also continuous). 


Closed Graph Theorem 


Suppose V and W are normed vector spaces. Then V x W is a vector space with 
the natural operations of addition and scalar multiplication as defined in Exercise 10 
in Section 6B. There are several natural norms on V x W that make V x W into a 
normed vector space; the choice used in the next result seems to be the easiest. The 
proof of the next result is left to the reader as an exercise. 


6.84 product of Banach spaces 


Suppose V and W are Banach spaces. Then V x W is a Banach space if given 
the norm defined by 


IG s)| = maxi |f lisli} 


for f € V andg € W. With this norm, a sequence (f1, g1), (f2, 82)... in 
V x W converges to (f, g) if and only if jim fk = f and jim Ge = E- 
—> 00 —> 00 


The next result gives a terrific way to show that a linear map between Banach 
spaces is bounded. The proof is remarkably clean because the hard work has been 
done in the proof of the Open Mapping Theorem (which was used to prove the 
Bounded Inverse Theorem). 
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6.85 Closed Graph Theorem 


Suppose V and W are Banach spaces and T is a function from V to W. Then T 
is a bounded linear map if and only if graph(T) is a closed subspace of V x W. 


Proof First suppose T is a bounded linear map. Suppose (f1, Tfi), (fo, Tf2),.-- is 
a sequence in graph(T) converging to (f,¢) € V x W. Thus 

lim fe =f and lim Tf, =g. 

k-oo k+oo 
Because T is continuous, the first equation above implies that limy_... Tf, = Tf; 
when combined with the second equation above this implies that g = Tf. Thus 
(f,g) = (f, Tf) € graph(T), which implies that graph(T) is closed, completing 
the proof in one direction. 

To prove the other direction, now suppose graph(T) is a closed subspace of 

V x W. Thus graph(T) is a Banach space with the norm that it inherits from V x W 
[from 6.84 and 6.16(b)]. Consider the linear map S: graph(T) — V defined by 


S(f,Tf) =f. 


Then 
ISE TF) || = IF Il < max{ FIL ITA = CG TAI 


for all f € V. Thus S is a bounded linear map from graph(T) onto V with ||S|| < 1. 
Clearly S is injective. Thus the Bounded Inverse Theorem (6.83) implies that S~! is 
bounded. Because S~!: V — graph(T) satisfies the equation S~'f = (f, Tf), we 
have 


ITFI] < max{l fl, ITA} 
=I, TA)I| 
= ||S-"f I 
< JISHI 


for all f € V. The inequality above implies that T is a bounded linear map with 
IITI| < ||S~1||, completing the proof. 


Principle of Uniform Boundedness 


The next result states that a family of 
bounded linear maps on a Banach space 
that is pointwise bounded is bounded in 
norm (which means that it is uniformly 
bounded as a collection of maps on the 
unit ball). This result is sometimes called 
the Banach-Steinhaus Theorem. Exercise 
17 is also sometimes called the Banach- 
Steinhaus Theorem. 


The Principle of Uniform 
Boundedness was proved in 1927 by 
Banach and Hugo Steinhaus 
(1887-1972). Steinhaus recruited 


Banach to advanced mathematics 
after overhearing him discuss 
Lebesgue integration in a park. 
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6.86 Principle of Uniform Boundedness 


Suppose V is a Banach space, W is a normed vector space, and A is a family of 
bounded linear maps from V to W such that 


sup{||Tf|| : T E€ A} < œ for every f € V. 


sup{||T|| : T E€ A} < œ. 


Proof Our hypothesis implies that 


V= |J {f eV: ||TFf|| <1 forall T € A}, 
n A 
n 


where V, is defined by the expression above. Because each T € A is continuous, V, 
is a closed subset of V for each n € Z*. Thus Baire’s Theorem [6.76(a)] and the 
equation above imply that there exist n € Z* and h € Vand r > 0 such that 


6.87 B(h,r) C Vn. 


Now suppose g € V and ||g|| < 1. Thus rg +h € B(h,r). Hence if T € A, then 
6.87 implies ||T (rg + h)|| < n, which implies that 


[TCE _ Thy < MPs , ITH n+ TH 
r rI o ro rn © yr ' 


ITs] = 


Thus 
n + sup{||Th|| : T € A} Pe 


r 


sup{|T|| :T € A} < 


’ 


completing the proof. 


EXERCISES 6E 


1 Suppose U is a subset of a metric space V. Show that U is dense in V if and 
only if every nonempty open subset of V contains at least one element of U. 


2 Suppose U is a subset of a metric space V. Show that U has an empty interior if 
and only if V \ U is dense in V. 


3 Prove or give a counterexample: If V is a metric space and U, W are subsets 
of V, then (int U) U (int W) = int(U U W). 


4 Prove or give a counterexample: If V is a metric space and U, W are subsets 
of V, then (int U) N (int W) = int(U N W). 


5 


10 


11 
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Suppose 
x= {(0}UU EH 
k=1 
and d(x,y) = |x — y| for x,y € X. 


(a) Show that (X, d) is a complete metric space. 

(b) Each set of the form {x} for x € X is a closed subset of R that has an 
empty interior as a subset of R. Clearly X is a countable union of such sets. 
Explain why this does not violate the statement of Baire’s Theorem that 
a complete metric space is not the countable union of closed subsets with 
empty interior. 


Give an example of a metric space that is the countable union of closed subsets 
with empty interior. 

[This exercise shows that the completeness hypothesis in Baire’s Theorem cannot 
be dropped. | 


(a) Define f: R > R as follows: 


if a is irrational, 


f(a) = 


if a is rational and n is the smallest positive integer 
such that a = “ for some integer m. 


ae O 


At which numters in R is f continuous? 

(b) Show that there does not exist a countable collection of open subsets of R 
whose intersection equals Q. 

(c) Show that there does not exist a function f: R — R such that f is continu- 
ous at each element of Q and discontinuous at each element of R \ Q. 


Suppose (X,d) is a complete metric space and G4, G2,. .. is a sequence of 
dense open subsets of X. Prove that Ng; Gx is a dense subset of X. 


Prove that there does not exist an infinite-dimensional Banach space with a 
countable basis. 

[This exercise implies, for example, that there is not a norm that makes the 
vector space of polynomials with coefficients in F into a Banach space. | 


Give an example of a Banach space V, a normed vector space W, a bounded 
linear map T of V onto W, and an open subset G of V such that T(G) is not an 
open subset of W. 

[This exercise shows that the hypothesis in the Open Mapping Theorem that 
W is a Banach space cannot be relaxed to the hypothesis that W is a normed 
vector space. | 


Show that there exists a normed vector space V, a Banach space W, a bounded 
linear map T of V onto W, and an open subset G of V such that T(G) is not an 
open subset of W. 

[This exercise shows that the hypothesis in the Open Mapping Theorem that V 
is a Banach space cannot be relaxed to the hypothesis that V is a normed vector 
space. | 
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A linear map T: V —> W from a normed vector space V to a normed vector space 
W is called bounded below if there exists c € (0,00) such that || f || < c||Tf|| 
forall f € V. 


12 Suppose T: V — W is a bounded linear map from a Banach space V to a 
Banach space W. Prove that T is bounded below if and only if T is injective and 
the range of T is a closed subspace of W. 


13 Give an example of a Banach space V, a normed vector space W, and a one-to- 
one bounded linear map T of V onto W such that T7! is not a bounded linear 
map of W onto V. 
[This exercise shows that the hypothesis in the Bounded Inverse Theorem (6.83) 
that W is a Banach space cannot be relaxed to the hypothesis that W is a 
normed vector space.] 


14 Show that there exists a normed space V, a Banach space W, and a one-to-one 
bounded linear map T of V onto W such that T~! is not a bounded linear map 
of W onto V. 
[This exercise shows that the hypothesis in the Bounded Inverse Theorem (6.83) 
that V is a Banach space cannot be relaxed to the hypothesis that V is a normed 
vector space. | 


15 Prove 6.84. 


16 Suppose V is a Banach space with norm ||-|| and that œ: V — F is a linear 
functional. Define another norm ||- || on V by 


IIflle = II+ l0): 


Prove that if V is a Banach space with the norm ||-| 
linear functional on V (with the original norm). 


p> then pisa continuous 


17 Suppose V is a Banach space, W is a normed vector space, and T4, T2,... is a 
sequence of bounded linear maps from V to W such that lim,_,. Ti, f exists for 
each f € V. Define T: V — W by 


Tf = lim Tef 
k-00 


for f € V. Prove that T is a bounded linear map from V to W. 
[This result states that the pointwise limit of a sequence of bounded linear maps 
on a Banach space is a bounded linear map. | 


18 Suppose V is a normed vector space and B is a subset of V such that 


sup|@(f)| < œ 
fEB 
for every g € V’. Prove that sup||f|| < œ. 
fEB 


19 Suppose T: V — W is a linear map from a Banach space V to a Banach space 
W such that 
poT € V' forall ọ € W'. 


Prove that T is a bounded linear map. 


Chapter 7 od 


Fix a measure space (X, S, u) and a positive number p. We begin this chapter by 
looking at the vector space of measurable functions f : X — F such that 


[If dn <0. 


Important results called Hölder’s inequality and Minkowski’s inequality help us 
investigate this vector space. A useful class of Banach spaces appears when we 
identify functions that differ only on a set of measure 0 and require p > 1. 
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helped explain Einstein’s special theory of relativity. 
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7A LP(u) 


Hodlder’s Inequality 


Our next major goal is to define an important class of vector spaces that generalize the 
vector spaces £1 (u) and £l introduced in the last two bullet points of Example 6.32. 
We begin this process with the definition below. The terminology p-norm introduced 
below is convenient, even though it is not necessarily a norm. 


7.1 Definition ||f||p 


Suppose that (X, S, u) is a measure space, 0 < p < œ, and f: X — Fis 
S-measurable. Then the p-norm of f is denoted by ||f||p and is defined by 


fle = (ffl? ax)”. 


Also, || f||oo, which is called the essential supremum of f, is defined by 


WA = mi =O fe Xa) a) wt 


The exponent 1/ p appears in the definition of the p-norm || f ||p because we want 
the equation ||#f||, = |a| || f||p to hold for all æ € F. 

For 0 < p < ©, the p-norm ||f ||» does not change if f changes on a set of 
p-measure 0. By using the essential supremum rather than the supremum in the defi- 
nition of || f||oo, we arrange for the co-norm || f||o. to enjoy this same property. Think 
of || f||oo as the smallest that you can make the supremum of |f| after modifications 
on sets of measure 0. 


7.2 Example p-norm for counting measure 


Suppose y is counting measure on Z*. If a = (a1, a2,...) is a sequence in F and 
0 < p < œ, then 


oo 1/p 
lap = (Zla?) ” and ljalo = sup {lag| : k € Z°. 
k=1 


Note that for counting measure, the essential supremum and the supremum are the 
same because in this case there are no sets of measure 0 other than the empty set. 


Now we can define our generalization of L1 (u), which was defined in the second- 
to-last bullet point of Example 6.32. 


7.3 Definition L?(y) 


Suppose (X, S, 1) is a measure space and 0 < p < œ. The Lebesgue space 


LP (u), sometimes denoted L? (X, S, u), is defined to be the set of S-measurable 
functions f: X — F such that ||f||p < œ. 
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7.4 Example ¢? 


When yp is counting measure on Z*, the set £? (p) is often denoted by £P (pro- 
nounced little el-p). Thus if 0 < p < œ, then 


4P = { (a1, a2, ...) : each ap € Fand } |a|? < 00} 
k=1 
and 


4? = { (a1, a2,...) : each ag € F and sup |ag| < oo}. 
kez+ 


Inequality 7.5(a) below provides an easy proof that £?” (u) is closed under addition. 
Soon we will prove Minkowski’s inequality (7.14), which provides an important 
improvement of 7.5(a) when p > 1 but is more complicated to prove. 


7.5 LP(u) is a vector space 


Suppose (X, S, u) is a measure space and 0 < p < œ. Then 


If + slip < 2” (flp + lisilp) 


laf lly = lal Ifllp 


for all f,g € £L” (u) and all w € F. Furthermore, with the usual operations of 
addition and scalar multiplication of functions, £” (u) is a vector space. 


Proof Suppose f,g € LP (y). If x € X, then 

Lœ P s AF ls” 
< (2max{ |f (x)|, l8)” 
< 2P (|f)? + |g). 


Integrating both sides of the inequality above with respect to u gives the desired 


inequality 5 : i 
If + ally < (fll + Islip) 


This inequality implies that if || f ||p < œ% and ||g||p < œ, then ||f + ||» < œ. Thus 
LP (u) is closed under addition. 
The proof that 


lafl = lel IF lly 


follows easily from the definition of ||: ||p. This equality implies that £? (p) is closed 
under scalar multiplication. 

Because £L” (u) contains the constant function 0 and is closed under addition and 
scalar multiplication, £? (p) is a subspace of F* and thus is a vector space. 
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What we call the dual exponent in the definition below is often called the conjugate 
exponent or the conjugate index. However, the terminology dual exponent conveys 
more meaning because of results (7.25 and 7.26) that we will see in the next section. 


For 1 < p < ©, the dual exponent of p is denoted by p’ and is the element of 


[1, co] such that 
1 #1 
p P 


7.7 Example dual exponents 


=œ, co =1, Yar 4 =4/3, (4/3) =4 


The result below is a key tool in proving Hölder’s inequality (7.9). 


7.8 Young’s inequality 


Suppose 1 < p < o. Then 


for alla > 0 and b > 0. 


Proof Fix b > 0 and define a function 


illiam H Ye 1863-1942 
f: (0,00) + R by William Henry Young ( 942) 


published what is now called 
aP o Young’s inequality in 1912. 


Thus f'(a) = a?~! — b. Hence f is decreasing on the interval (0, b!/(P-1)) and f is 
increasing on the interval (b!/ (P71), o0). Thus f has a global minimum at b!/(P—1), 
A tiny bit of arithmetic [use p/(p — 1) = p’] shows that f (b!/(P-))) = 0. Thus 
f(a) > 0 for all a € (0,00), which implies the desired inequality. 


The important result below furnishes a key tool that is used in the proof of 
Minkowski’s inequality (7.14). 


7.9 Holder’s inequality 


Suppose (X, S, u) is a measure space, 1 < p < œ, and f,h: X — F are 


Falla < Ilp Ily- 


S-measurable. Then 
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Proof Suppose 1 < p < œ, leaving the cases p = 1 and p = œ as exercises for 
the reader. 

First consider the special case where || f ||» = || 
tells us that 


lp = 1. Young’s inequality (7.8) 


P |h(x)|P" 
romoj Ey aa 
P P 
for all x € X. Integrating both sides of the inequality above with respect to u shows 
that ||fhllı < 1 = ||f||p lAl], completing the proof in this special case. 


It Ifllp = 0 or ||| pt F o; then Hölder’s inequality was proved in 
Ifill, = 0 and the desired inequal- | 7389 py Otto Hölder (1859-1937). 
ity holds. Similarly, if ||f||p = œ or 


A|| = œ, then the desired inequality clearly holds. Thus we assume that 
0 < |Ifllp < co and 0 < |[h|| 7 < o. 
Now define S-measurable functions f1, h1: X — F by 


Then ||f1||p = 1 and |||], = 1. By the result for our special case, we have 
fata lly < 1, which implies that || fhill < [lfllp lf 


The next result gives a key containment among Lebesgue spaces with respect to a 
finite measure. Note the crucial role that Hélder’s inequality plays in the proof. 


7.10 L4(u) C LP (u) if p< qand p(X) < œ 


Suppose (X, S, u) is a finite measure space and 0 < p < q < œ. Then 


Ile < oen A 
for all f € L1 (u). Furthermore, L1 (u) C LP (y). 


Proof Fix f € L1(u). Let r = a Thus r > 1. A short calculation shows that 
— ray Now Hölder’s inequality (7.9) with p replaced by r and f replaced by |f |” 


and h replaced by the constant function 1 gives 


7 1/r ! 1/r’ 
fires (f sly’ an) (f1 an) 
= p/q 
= u(X)“ Pa fI du) l 
Now raise both sides of the inequality above to the power z getting 


1/4 


(SUP au)” < poron fipa)”, 


which is the desired inequality. 
The inequality above shows that f € L” (u). Thus L1 (u) C LP (u). 
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7.11 Example £?(E) 


We adopt the common convention that if E is a Borel (or Lebesgue measurable) 
subset of R and 0 < p < œ, then £?(E) means L” (Ag), where Àg denotes 
Lebesgue measure A restricted to the Borel (or Lebesgue measurable) subsets of R 
that are contained in E. 

With this convention, 7.10 implies that 


if0 < p < q < œ, then £1((0,1]) c £” ([0,1]) and || f\lp < IF llq 


for f € £1([0,1]). See Exercises 12 and 13 in this section for related results. 


Minkowski’s Inequality 


The next result is used as a tool to prove Minkowski’s inequality (7.14). Once again, 
note the crucial role that Hélder’s inequality plays in the proof. 


7.12 formula for ||f||p 


Suppose (X, S, u) is a measure space, 1 < p < œ, and f € LP (u). Then 


Ifllp = sup{ | f fhan! h € LP'(u) and [lhl] <1}. 


Proof If ||f||p = 0, then both sides of the equation in the conclusion of this result 
equal 0. Thus we assume that || f ||» A 0. 


Holder’s inequality (7.9) implies that if h € L”'(p) and |||] p< 1, then 


|f pean] < f pte dye < Iflp Ihly < Ifl 


Thus sup{| f fh du| : h € L(y) and |||» < 1}< Iifllip- 
To prove the inequality in the other direction, define h: X — F by 


p-2 
n(x) = FOF a (set h(x) = 0 when f(x) = 0). 
IF llp 
Then f fh dy = ||f||p and ||h]| y = 1, as you should verify (use p — 2 = 1). Thus 
Ifllp < sup{| f fd]: € £P(p) and lhllp < 1}, as desired. 


7.13 Example a point with infinite measure 


Suppose X is a set with exactly one element b and y is the measure such that 
u(D) = O and p({b}) = œ. Then L! (u) consists only of the 0 function. Thus if 
p = œ and f is the function whose value at b equals 1, then || f || = 1 but the right 
side of the equation in 7.12 equals 0. Thus 7.12 can fail when p = œ. 


Example 7.13 shows that we cannot take p = œ in 7.12. However, if y is a 
g-finite measure, then 7.12 holds even when p = œ (see Exercise 9). 


Section 7A LP (ju) 199 


The next result, which is called Minkowski’s inequality, is an improvement for 
p = 1 of the inequality 7.5(a). 


7.14 Minkowski’s inequality 


Suppose (X, S, u) is a measure space, 1 < p < œ, and f,g € LP (u). Then 


If + sllp < Wf lly + llsllp- 


Proof Assume that 1 < p < œ (the case p = œ is left as an exercise for the reader). 
Inequality 7.5(a) implies that f +g € LP (yu). 


Suppose h € LP'(u) and Ally < 1. Then 


| [f+ ayhan| < fifridu+ fighi du < (flp + lisli) 
< lifli + lisli» 


where the second inequality comes from Hölder’s inequality (7.9). Now take the 
supremum of the left side of the inequality above over the set of h € LP u) such 
that ||4]| < 1. By 7.12, we get ||f + gllp < Ilfllp + Ilgllp. as desired. 


EXERCISES 7A 


1 Suppose p/ is a measure. Prove that 


lf + slæ < llfllo + [Iglleo and [laf loo = lal [If lleo 


for all f, g € L” (y) and all æ € F. Conclude that with the usual operations of 
addition and scalar multiplication of functions, L® (p) is a vector space. 


2 Suppose a > 0, b > 0, and 1 < p < ov. Prove that 
aP? p” 
p P 


if and only if a? = bP’ [compare to Young’s inequality (7.8)]. 


ab = 


3 Suppose a1,...,a, are nonnegative numbers. Prove that 
(a, t:> +a)’ < n*(a’ E Ea +a’). 
4 Prove Hölder’s inequality (7.9) in the cases p = 1 and p = ov. 


5 Suppose that (X, S, u) is a measure space, 1 < p < œ, f € LP(p), and 
he LP’ u). Prove that Hélder’s inequality (7.9) is an equality if and only if 
there exist nonnegative numbers a and b, not both 0, such that 


al f(x)? = b|h(x)|P 


for almost every x € X. 
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Suppose (X, S, j1) is a measure space, f € L! (p), and h € L®(p). Prove that 
[Filla = Illa Illo if and only if 


a(x) = llall 
for almost every x € X such that f(x) 4 0. 
Suppose (X, S, u) is a measure space and f,h: X — F are S-measurable. 


Prove that 
lhl < WF lp Allg 


for all positive numbers p, q,r such that + 7 = 1 


Suppose (X, S, 11) is a measure space and n € Z*. Prove that 


lafz falla < [falls Wfallp «++ W fall 


sae Ot Nel giao EEA! 
for all positive numbers p1, .. ., Pn such that mn tpt F Dn 


S-measurable functions fi, fo,..., fn: X > F. 


= 1 and all 


Show that the formula in 7.12 holds for p = œ if y is a g-finite measure. 
Suppose 0 < p < q < œ%. 


(a) Prove that 2? C 41. 


(b) Prove that ||(a1,4@2,..-)||p > ||(41,42,.--)||q for every sequence a1, a3, .. 
of elements of F. 


Show that N P Ë, 
p>1 


Show that () £” ([0,1]) # £°((0,1)). 


p<% 


Show that |_} £”([0,1]) # £*(10,1]). 
p>1 


Suppose p,q € (0, œ], with p 4 q. Prove that neither of the sets £” (R) and 
L^ (R) is a subset of the other. 


Show that there exists f € L? (R) such that f ¢ L?(R) forall p € (0, œ] \ {2}. 


Suppose (X, S, u) is a finite measure space. Prove that 
Him lfl = Ifl 


for every S-measurable function f : X — F. 


Suppose u is a measure, 0 < p < œ, and f € LP (u). Prove that for every 
e > 0, there exists a simple function g € LP (u) such that ||f — g|p < £. 
[This exercise extends 3.44.] 
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Suppose 0 < p < œ and f € LP (R). Prove that for every £ > 0, there exists a 
step function g € LP (R) such that || f — g||p < €. 
[This exercise extends 3.47.] 


Suppose 0 < p < œ and f € L?P(R). Prove that for every e > 0, there 
exists a continuous function g: R — R such that ||f — g||p < € and the set 
{x € R : g(x) £0} is bounded. 

[This exercise extends 3.48.] 


Suppose (X, S, u) is a measure space, 1 < p < œ, and f,g € LP (pu). Prove 
that Minkowski’s inequality (7.14) is an equality if and only if there exist 
nonnegative numbers a and b, not both 0, such that 


for almost every x € X. 


Suppose (X, S, u) is a measure space and f, g € L! (u). Prove that 


If + lla = Iflla + Igla 


if and only if f(x) g(x) > 0 for almost every x € X. 


Suppose (X, S, u) and (Y,7,v) are o-finite measure spaces and 0 < p < oo. 
Prove that if f € LP (u x v), then 


[f]x € L’ (v) for almost every x € X 


and 
[f] € L’ (u) for almost every y € Y, 


where [f]x and [f]” are the cross sections of f as defined in 5.7. 
Suppose 1 < p < œ and f € LP(R). 


(a) Fort € R, define fi: R — R by fi(x) = f(x — t). Prove that the function 
t> ||f — fr||p is bounded and uniformly continuous on R. 


(b) Fort > 0, define fi: R — R by fi(x) = f (tx). Prove that 


lim||f — fillo = 0. 
iml|f — filly = 0 
Suppose 1 < p < œ and f € LP (R). Prove that 


. 1 ott p= 0 
hg I= 


for almost every b € R. 
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7B LP(1) 


Definition of LP (u) 


Suppose (X, S, j/) is a measure space and 1 < p < œ. If there exists a nonempty set 
E € S such that (E) = 0, then ||x,||p = 0 even though x, 4 0; thus |]-||p is not a 
norm on L? (u). The standard way to deal with this problem is to identify functions 
that differ only on a set of -measure 0. To help make this process more rigorous, we 
introduce the following definitions. 


7.15 Definition Z(y); f 


Suppose (X, S, u) is a measure space and 0 < p < œ. 


e Z() denotes the set of S-measurable functions from X to F that equal 0 
almost everywhere. 


e For f € LP (p), let f be the subset of L? (u) defined by 


fa{f+z:z€ Z(y)}. 


The set Z (u) is clearly closed under scalar multiplication. Also, Z (u) is closed 
under addition because the union of two sets with -measure 0 is a set with p- 
measure 0. Thus Z (pu) is a subspace of £L? (u), as we had noted in the third bullet 
point of Example 6.32. 

Note that if f,F € L’ (u), then f = F if and only if f(x) = F(x) for almost 
every x € X. 


7.16 Definition L?(j) 


Suppose p is a measure and 0 < p < ov. 


e Let L” (u) denote the collection of subsets of £L” (u) defined by 


DG) fee ray 


e For f,& € LP (u) anda € F, define f + ¢ and af by 


fe — Gee) and vay — ae, 


The last bullet point in the definition above requires a bit of care to verify that it 
makes sense. The potential problem is that if Z (u) A {0}, then f is not woe 
represented by f. Thus suppose f,F,¢,G € £P” (pu) and f = F and ¢ = G. For 
the definition of addition in LP (1) to make sense, we must verify that (f + 1. = 
(F + GY. This verification is left to the reader, as is the similar verification that the 
scalar multiplication defined in the last bullet point above makes sense. 

You might want to think of elements of LP (p) as equivalence classes of functions 
in LP (u), where two functions are equivalent if they agree almost everywhere. 
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Mathematicians often pretend that ele- 
ments of LP (u) are functions, where two 
functions are considered to be equal if 
they differ only on a set of -measure 0. 
This fiction is harmless provided that the 
Operations you perform with such “func- 
tions” produce the same results if the func- 
tions are changed on a set of measure 0. 


Note the subtle typographic 
difference between L? (u) and 
LP (u). An element of the 


calligraphic LP (u) is a function; an 
element of the italic LP (u) is a set 
of functions, any two of which agree 
almost everywhere. 


Suppose y is a measure and 0 < p < ov. Define ||-||p on LP (u) by 


lf llp = llfllp 
for f € LP’ (u). 


Note that if f,F € £” (u) and f = F, then ||f||p = ||F||p. Thus the definition 
above makes sense. 

In the result below, the addition and scalar multiplication on LP (u) come from 
7.16 and the norm comes from 7.17. 


7.18 L(y) isa normed vector space 


Suppose ji is a measure and 1 < p < ov. Then LP (y) is a vector space and ||-||p 
is a norm on LP (u). 


The proof of the result above is left to the reader, who will surely use Minkowski’s 
inequality (7.14) to verify the triangle inequality. Note that the additive identity of 
LP (u) is 0, which equals Z (u). 

For readers familiar with quotients of 
vector spaces: you may recognize that 


LP (u) is the quotient space LP (u) = LP (u) = &P 


L’ (u)/Z (u). , 
because counting measure has no 
For readers who want to learn about quo- | sets of measure 0 other than the 


tients of vector spaces: see a textbook for | empty set. 

a second course in linear algebra. 
In the next definition, note that if E is a Borel set then 2.95 implies L’ (E) using 

Borel measurable functions equals L? (E) using Lebesgue measurable functions. 


If u is counting measure on Z+, then 


Definition 


If E is a Borel (or Lebesgue measurable) subset of R and 0 < p < oo, then 


LP (E) means L” (Ag), where Ag denotes Lebesgue measure A restricted to the 
Borel (or Lebesgue measurable) subsets of R that are contained in E. 
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LP (u) Is a Banach Space 


The proof of the next result does all the hard work we need to prove that LP (u) is a 
Banach space. However, we state the next result in terms of £? (u) instead of LP (u) 
so that we can work with genuine functions. Moving to LP” (u) will then be easy (see 
7.24). 


7.20 Cauchy sequences in L?” (u) converge 


Suppose (X, S, u) is a measure space and 1 < p < œ. Suppose fi, fo,...isa 
sequence of functions in L” (u) such that for every € > 0, there exists n € Z* 
such that 


lfi — flp <€ 


for all į > n and k > n. Then there exists f € £L” (u) such that 


lim || fe — fllp = 0. 
dim |f- flp 


Proof The case p = œ is left as an exercise for the reader. Thus assume 1 < p < ov. 
It suffices to show that limmo || fk, — |p = 0 for some f € £P (p) and some 
subsequence fk, fk,,-- (see Exercise 14 of Section 6A, whose proof does not require 
the positive definite property of a norm). 
Thus dropping to a subsequence (but not relabeling) and setting fọ = 0, we can 
assume that 


CO 
Slt —fr-illp < œ. 
al 


Define functions g1, 82, . . . and g from X to [0, co] by 


Sm(x) = } f(x) — fr- (x)] and g(x) = $ lfl) — fr). 
k=1 k=1 
Minkowski’s inequality (7.14) implies that 


m 
7.21 lSmllp < $ ilt = fe |p 
k=1 


Clearly limin— co &m(X) = g(x) for every x € X. Thus the Monotone Convergence 
Theorem (3.11) and 7.21 imply 


. z p 
7.22 fe du = lim, fgn” du < (2 ll fx = fe-allp) < œ. 
kl 


Thus g(x) < œ for almost every x € X. 

Because every infinite series of real numbers that converges absolutely also con- 
verges, for almost every x € X we can define f(x) by 

(oe) m 
F(x) = X l) — fe- (x)) = lim D1 l) — fe-1(x)) = lim fm(2). 
k=1 k=1 

In particular, limyn— co f(x) exists for almost every x € X. Define f(x) to be 0 for 
those x € X for which the limit does not exist. 
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We now have a function f that is the pointwise limit (almost everywhere) of 
fi, fo,.... The definition of f shows that | f(x)| < g(x) for almost every x € X. 
Thus 7.22 shows that f € LP (y). 

To show that limk—oo|| fx — f || p = 0, suppose £ > 0 and let n € Z* be such that 
lf — frllp < € for all j > nand k > n. Suppose k > n. Then 


Ife — flp = (fif ~ flay)" 
cfm sit)” 
= lim inf|| fi — fill 
<e 


hed 


where the second line above comes from Fatou’s Lemma (Exercise 17 in Section 3A). 
Thus liMk—oæ|| fk — f || p = 0, as desired. 


The proof that we have just completed contains within it the proof of a useful 
result that is worth stating separately. A sequence can converge in p-norm without 
converging pointwise anywhere (see, for example, Exercise 12). However, the next 
result guarantees that some subsequence converges pointwise almost everywhere. 


7.23 convergent sequences in L?” have pointwise convergent subsequences 


Suppose (X, S, p) is a measure space and 1 < p < œ. Suppose f € LP (u 
and fi, f2,... is a sequence of functions in £P (p) such that jim l= l= 0. 
—> 00 


Then there exists a subsequence fk, fk,,--- such that 
M fen) = f(x) 


for almost every x € X. 


Proof Suppose fk; fk,,--- is a subsequence such that 


CO 
lhe — ferna llp <% 
m=2 


An examination of the proof of 7.20 shows that lim Fen (X) = f(x) for almost 
m—> o 
every x € X. 


7.24 LP() is a Banach space 


Suppose p/ is a measure and 1 < p < oo. Then LP (y) is a Banach space. 


Proof This result follows immediately from 7.20 and the appropriate definitions. 
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Duality 


Recall that the dual space of a normed vector space V is denoted by V’ and is defined 
to be the Banach space of bounded linear functionals on V (see 6.71). 

In the statement and proof of the next result, an element of an L? space is denoted 
by a symbol that makes it look like a function rather than like a collection of functions 
that agree except on a set of measure 0. However, because integrals and L?-norms 
are unchanged when functions change only on a set of measure 0, this notational 
convenience causes no problems. 


7.25 natural map of L”'(p) into (LP w) preserves norms 


Suppose 4 is a measure and 1 < p < œœ. For h € LP'(u), define pp: LP (p) + F 
by 


Paf) = J fhan 


Then h ++ @p is a one-to-one linear map from LP'(p) to (LP (p))’ Furthermore, 
lpn] = llh||y for all h € LP (u). 


Proof Suppose h € LP'(u) and f € LP (u). Then Hölder’s inequality (7.9) tells us 
that fh € L! (u) and that 
lfr < Wally llf 


Thus @j, as defined above, is a bounded linear map from LP” ( u) to F. Also, the map 


h ++ gy is clearly a linear map of LP'(p) into (LP ())’. Now 7.12 (with the roles of 
p and p’ reversed) shows that 


llenll = suptlen(f)] =f E LP (p) and |lfllp < 1} = lilly 
If hı, h2 € LP'(p) and Ph = Pm, then 


la — hall pr = [nell = lpm — Prl = IOl = 0, 
which implies h4 = hy. Thus h ++ gj is a one-to-one map from LP'(y) to (LP (u))’ 

The result in 7.25 fails for some measures y if p = 1. However, if y is a o-finite 
measure, then 7.25 holds even if p = 1 (see Exercise 14). 

Is the range of the map h +> @y in 7.25 all of (LP ())'? The next result provides 
an affirmative answer to this question in the special case of £P for 1 < p < œ. 
We will deal with this question for more general measures later (see 9.42; also see 
Exercise 25 in Section 8B). 

When thinking of £’ as a normed vector space, as in the next result, unless stated 
otherwise you should always assume that the norm on 4” is the usual norm ||: ||p that 
is associated with £L” (u), where p is counting measure on Z+. In other words, if 
1< p < œ, then 


fo) 1/p 
lanaz.. lp = (Sola?) 
k=1 
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7.26 dual space of 4 can be identified with 4” 


Suppose 1 < p < œ. For b = (by, b,...) € 0P", define pp: L — F by 


pla) = X arb, 
k= 


where a = (a1,a2,...). Then b ++ gy is a one-to-one linear map from CP" onto 
(ey. Furthermore, ||pp|| = ||b||p for all b € P, 


Proof Fork € Zt, let ep € 2P be the sequence in which each term is 0 except that 
the k term is 1; thus ep = (0,...,0,1,0,...). 
Suppose ọ € (ey. Define a sequence b = (b1, b2,. ..) of numbers in F by 


bk = (ex). 
Suppose a = (41,42, ...) E€ 4P. Then 
a= L Akk, 
k=1 


where the infinite sum converges in the norm of £P (the proof would fail here if we 
allowed p to be œ). Because ¢ is a bounded linear functional on 4”, applying ¢ to 
both sides of the equation above shows that 


pla) = } agbr. 
= 


We still need to prove that b € P’. To do this, for n € Z* let Hn be counting 
measure on {1,2,...,n}. We can think of L? (un) as a subspace of P by identi- 
fying each (41,...,4n) E€ LP (un) with (a1,...,4n,0,0,...) E€ Æ. Restricting the 
linear functional ọ to L” (un) gives the linear functional on L? (j1;,) that satisfies the 
following equation: 


n 
PIL? (un) (a4,. ee rün) = L arbr. 
k=1 
Now 7.25 (also see Exercise 14 for the case where p = 1) gives 


lOr- -rbal = lelg) ll 
< llell. 


Because limn—>oo||(b1,. .., bn) lly = Ilb||p, the inequality above implies the in- 


equality ||b||y < ||g||. Thus b € 4P", which implies that p = pp, completing the 
proof. 


The previous result does not hold when p = œ. In other words, the dual space 
of £° cannot be identified with £!. However, see Exercise 15, which shows that the 
dual space of a natural subspace of £° can be identified with i., 
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EXERCISES 7B 


10 
11 


Suppose n > 1 and0 < p < 1. Prove that if ||- || is defined on F” by 
1/ 
larran) = (Jarl? +++ + lanl?) P, 
then ||-|| is not a norm on F”. 
(a) Suppose 1 < p < ov. Prove that there is a countable subset of £? whose 


closure equals 4”. 

(b) Prove that there does not exist a countable subset of 4% whose closure 
equals 4%. 

(a) Suppose 1 < p < œ. Prove that there is a countable subset of L” (R) 
whose closure equals L?(R). 

(b) Prove that there does not exist a countable subset of L°(R) whose closure 
equals L” (R). 


Suppose (X, S, u) is a g-finite measure space and 1 < p < œ. Prove that 
if f: X — F is an S-measurable function such that fh € Lt (u) for every 


h € LP'(u), then f € LP (p). 


(a) Prove that if 4 is a measure, 1 < p < œ, and f,g € LP (p) are such that 


+ 
Ifl = Isl = [EE] 
P 


then f = g. 
(b) Give an example to show that the result in part (a) can fail if p = 1. 


(c) Give an example to show that the result in part (a) can fail if p = œ. 
Suppose (X, S, j/) is a measure space and 0 < p < 1. Show that 

If +sllp < II} + lisli 
for all S-measurable functions f, g: X — F. 


Prove that L” (u), with addition and scalar multiplication as defined in 7.16 and 
norm defined as in 7.17, is anormed vector space. In other words, prove 7.18. 


Prove 7.20 for the case p = œ. 
Prove that 7.20 also holds for p € (0,1). 
Prove that 7.23 also holds for p € (0,1). 
Suppose 1 < p < œ. Prove that 
{(a1,a2,...) € Æ : ap #0 for every k € Zt} 


is not an open subset of £P. 


12 


13 


14 


15 


16 


17 
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Show that there exists a sequence fi, f2, . . . of functions in £! ( [0, 1]) such that 
lim || fell = 0 but 
k-0o 

sup{ f(x) :k € ZT} = œ% 


for every x € [0,1]. 
[This exercise shows that the conclusion of 7.23 cannot be improved to conclude 
that limp 00 f(x) = f(x) for almost every x € X.] 


Suppose (X, S, u) is a measure space, 1 < p < œ, f € L” (u), and fi, fo,... 
is a sequence in L” (pu) such that limzsoæ||fk — fllp = 0. Show that if 
g: X >F is a function such that limg_.. f(x) = g(x) for almost every 
x € X, then f(x) = g(x) for almost every x € X. 


(a) Give an example of a measure y such that 7.25 fails for p = 1. 


(b) Show that if u is a o-finite measure, then 7.25 holds for p = 1. 


Let 
co = { (41, 42, - ze) E ee : lim an = O}. 
k= œ 


Give co the norm that it inherits as a subspace of 4%. 

(a) Prove that co is a Banach space. 

(b) Prove that the dual space of cp can be identified with 1. 
Suppose 1 < p <2. 

(a) Prove that if w,z € C, then 


[w + z|? + w — z|” 
2 


jw +2? + [w ~ 2)? 


< fol? +z)? < SS 


(b) Prove that if u is a measure and f, g € £P” (u), then 


If +gllp + If -glip 


lf +sllp + If — slp 
; < Ifl + lisli} < 4 


2p=1 


Suppose 2 < p < œ. 
(a) Prove that if w,z € C, then 


jw + z|’ + |w -— z| 


jw +2? + jw =z} 
2p-1 l 


P 
< |u|? + |z|P < ; 


(b) Prove that if u is a measure and f, g € L” (u), then 


If + glip + If -glip 


If +s+ If - sll} 
Qp-1 : 


< IfI + Isli} < ; 


[The inequalities in the two previous exercises are called Clarkson’s inequalities. 
They were discovered by James Clarkson in 1936. ] 


210 Chapter 7 LP Spaces 


18 Suppose (X, S, u) is a measure space, 1 < p,q < œ, and h: X — Fis an 
S-measurable function such that hf € L1 (pu) for every f € LP (u). Prove that 
f => hf is a continuous linear map from L? (u) to L’ (yu). 


A Banach space is called reflexive if the canonical isometry of the Banach space 
into its double dual space is surjective (see Exercise 20 in Section 6D for the defi- 
nitions of the double dual space and the canonical isometry). 


19 Prove that if 1 < p < œ, then /P is reflexive. 
20 Prove that @! is not reflexive. 


21 Show that with the natural identifications, the canonical isometry of cọ into its 
double dual space is the inclusion map of co into £% (see Exercise 15 for the 
definition of cg and an identification of its dual space). 


22 Suppose 1 < p < œ and V,W are Banach spaces. Show that V x W is a 
Banach space if the norm on V x W is defined by 


IESI = (IFIP + lgl)? 
for f € V and g € W. 
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Chapter 8 ats 


Hilbert Spaces 


Normed vector spaces and Banach spaces, which were introduced in Chapter 6, 
capture the notion of distance. In this chapter we introduce inner product spaces, 
which capture the notion of angle. The concept of orthogonality, which corresponds 
to right angles in the familiar context of R* or R°, plays a particularly important role 
in inner product spaces. 

Just as a Banach space is defined to be a normed vector space in which every 
Cauchy sequence converges, a Hilbert space is defined to be an inner product space 
that is a Banach space. Hilbert spaces are named in honor of David Hilbert (1862- 
1943), who helped develop parts of the theory in the early twentieth century. 

In this chapter, we will see a clean description of the bounded linear functionals 
on a Hilbert space. We will also see that every Hilbert space has an orthonormal 
basis, which make Hilbert spaces look much like standard Euclidean spaces but with 
infinite sums replacing finite sums. 


The Mathematical Institute at the University of Gottingen, Germany. This building 
was opened in 1930, when Hilbert was near the end of his career there. Other 
prominent mathematicians who taught at the University of Göttingen and made 
major contributions to mathematics include Richard Courant (1888—1972), Richard 
Dedekind (1831-1916), Gustav Lejeune Dirichlet (1805—1859), Carl Friedrich 
Gauss (1777-1855), Hermann Minkowski (1864-1909), Emmy Noether (1882-1935), 
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8A Inner Product Spaces 


Inner Products 


If p = 2, then the dual exponent p’ also equals 2. In this special case Hélder’s 
inequality (7.9) implies that if 4u is a measure, then 


|f fsan < Iflalgl2 


for all f,g € £L? (u). Thus we can associate with each pair of functions f,g € L? (p) 
a number f fg du. An inner product is almost a generalization of this pairing, with a 
slight twist to get a closer connection to the L?(j:)-norm. 

If g = f and F = R, then the left side of the inequality above is || f ||}. However, 
if g = f and F = C, then the left side of the inequality above need not equal || f ||. 
Instead, we should take g = f to get || f ||} above. 

The observations above suggest that we should consider the pairing that takes f, g 
to f f gdp. Then pairing f with itself gives || f||3. 

Now we are ready to define inner products, which abstract the key properties of 
the pairing f,g ++ f f3 du on L?(u), where y is a measure. 


8.1 Definition inner product; inner product space 


An inner product on a vector space V is a function that takes each ordered pair 
f,g of elements of V to a number (f, g) € F and has the following properties: 


o positivity 
(f, f) € [0, œ) for all f € V; 


e definiteness 
(f, f) = 0 if and only if f = 0; 


e linearity in first slot 


oe = (f,h) + (g,h) and (af, g) = a(f,g) for all f,g,h € V and 
alla E€ F; 


e conjugate symmetry 
(f,8) = (8, f) for all f,g € V. 


A vector space with an inner product on it is called an inner product space. The 
terminology real inner product space indicates that F = R; the terminology 
complex inner product space indicates that F = C. 


If F = R, then the complex conjugate above can be ignored and the conjugate 
symmetry property above can be rewritten more simply as (f,¢) = (g, f} for all 
fg EV. 

Although most mathematicians define an inner product as above, many physicists 
use a definition that requires linearity in the second slot instead of the first slot. 


8.2 
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Example inner product spaces 
For n € Zt, define an inner product on F” by 
((a1,. . an), (b4,. . .,bn)) = abı + ied + anbn 


for (41,...,4n),(b1,...,b,) € F”. When thinking of F” as an inner product 
space, we always mean this inner product unless the context indicates some other 
inner product. 


Define an inner product on £? by 
((a1, 42, ete ey (bi, bo,. š .)) = L aby 
k=1 


for (a1, 42,...),(b1,b2,...) € L. Holder’s inequality (7.9), as applied to count- 
ing measure on Z™ and taking p = 2, implies that the infinite sum above 
converges absolutely and hence converges to an element of F. When thinking 
of £? as an inner product space, we always mean this inner product unless the 
context indicates some other inner product. 


Define an inner product on C([0,1]), which is the vector space of continuous 
functions from [0,1] to F, by 


(fn) = [FR 


for f,g € C([0,1]). The definiteness requirement for an inner product is 


satisfied because if f : [0,1] — F is a continuous function such that i, FF=0, 
then the function f is identically 0. 


Suppose (X, S, 4) is a measure space. Define an inner product on L? (p) by 


(f,8) = | Fean 


for f,g € L? (u). Hölder’s inequality (7.9) with p = 2 implies that the integral 
above makes sense as an element of F. When thinking of L?(j) as an inner 
product space, we always mean this inner product unless the context indicates 
some other inner product. 


Here we use L? (y) rather than £L? (p) because the definiteness requirement fails 
on L(y) if there exist nonempty sets E € S such that (E) = 0 (consider 
(Xp Xp) to see the problem). 


The first two bullet points in this example are special cases of L? (u), taking y to 
be counting measure on either {1,...,} or Z*. 
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As we will see, even though the main examples of inner product spaces are L?( u) 
spaces, working with the inner product structure is often cleaner and simpler than 
working with measures and integrals. 


8.3 basic properties of an inner product 


Suppose V is an inner product space. Then 


(a) (0,g) = (g,0) = 0 for every g € V; 
æ) (fig +h) = (f,g&) + (f,h) for all f,g,h € V; 
(c) (f,ag) = «(f,g) forall a € F and f,g € V. 


Proof 


(a) For g € V, the function f +» (f,g) is a linear map from V to F. Because 
every linear map takes 0 to 0, we have (0, g} = 0. Now the conjugate symmetry 
property of an inner product implies that 

(s,0) = (0,g) =0=0. 

(b) Suppose f,g,h € V. Then 
(fig th) = (8 +h f) = (sf) + Mf) = (Sf) + lf) = G8) + fh). 

(c) Suppose a € F and f,g € V. Then 


(f ag) = (ag, f) = a(g, f) = T8, f) =€(f,8) 


as desired. 


If F = R, then parts (b) and (c) of 8.3 imply that for f € V, the function 
g + (f,g) is a linear map from V to R. However, if F = C and f Æ 0, then 
the function g + (f,g) is not a linear map from V to C because of the complex 
conjugate in part (c) of 8.3. 


Cauchy—Schwarz Inequality and Triangle Inequality 


Now we can define the norm associated with each inner product. We use the word 
norm (which will turn out to be correct) even though it is not yet clear that all the 
properties required of a norm are satisfied. 


Suppose V is an inner product space. For f € V, define the norm of f, denoted 


IIf ll. by 
If ll =y ff): 
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8.5 Example norms on inner product spaces 


In each of the following examples, the inner product is the standard inner product 
as defined in Example 8.2. 


e Ifn € Zt and (ay,...,an) € F”, then 


War, yan) || = yla +--+ lan 2. 


Thus the norm on F” associated with the standard inner product is the usual 
Euclidean norm. 


e If (a1,42,.. .) € 2, then 


i 2 1/2 
lanaz. A= (Sola?) 
k=1 


Thus the norm associated with the inner product on 07 is just the standard norm 
||-||2 on Æ as defined in Example 7.2. 


e If u is a measure and f € L?(), then 


fl = (fia). 


Thus the norm associated with the inner product on L?(j/) is just the standard 
norm ||-||2 on L? (p) as defined in 7.17. 


The definition of an inner product (8.1) implies that if V is an inner product space 
and f € V, then 


e |[fll > 0; 
e ||f|| = 0 if and only if f = 0. 


The proof of the next result illustrates a frequently used property of the norm on 
an inner product space: working with the square of the norm is often easier than 
working directly with the norm. 


8.6 homogeneity of the norm 


Suppose V is an inner product space, f € V, and a € F. Then 


lafi = [æl Ifl 


Proof We have 


lafl? = (af, af) = alf of) = «E(f, f) = lal’. 


Taking square roots now gives the desired equality. 
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The next definition plays a crucial role in the study of inner product spaces. 


In the definition above, the order of the two elements of the inner product space 
does not matter because (f, g) = 0 if and only if (g, f} = 0. Instead of saying that 
f and g are orthogonal, sometimes we say that f is orthogonal to g. 


8.8 Example orthogonal elements of an inner product space 
e In C, (2, 3,5i) and (6,1, —3i) are orthogonal because 
((2,3,5i), (6,1, —3i)) = 2-6 +3-1+5i- (3i) = 12+3 -15 = 0. 


e The elements of L? ((— 7r, 7t]) represented by sin(3t) and cos(8t) are orthogo- 
nal because 


> 


f sin(3t) cos(8t) dt = Ee e nT 


= t=—7 


where dt denotes integration with respect to Lebesgue measure on (— 71, 71]. 


Exercise 8 asks you to prove that if a and b are nonzero elements in RÊ, then 
(a,b) = |la|| [b|| cos 0, 


where @ is the angle between a and b (thinking of a as the vector whose initial point is 
the origin and whose end point is a, and similarly for b). Thus two elements of R? are 
orthogonal if and only if the cosine of the angle between them is 0, which happens if 
and only if the vectors are perpendicular in the usual sense of plane geometry. Thus 
you can think of the word orthogonal as a fancy word meaning perpendicular. 


Law professor Richard Friedman presenting a case before the U.S. 
Supreme Court in 2010: 


Mr. Friedman: I think that issue is entirely orthogonal to the issue here 
because the Commonwealth is acknowledging— 

Chief Justice Roberts: Ym sorry. Entirely what? 

Mr. Friedman: Orthogonal. Right angle. Unrelated. Irrelevant. 

Chief Justice Roberts: Oh. 

Justice Scalia: What was that adjective? I liked that. 

Mr. Friedman: Orthogonal. 

Chief Justice Roberts: Orthogonal. 

Mr. Friedman: Right, right. 

Justice Scalia: Orthogonal, ooh. (Laughter.) 

Justice Kennedy: I knew this case presented us a problem. (Laughter.) 
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The next theorem is over 2500 years old, although it was not originally stated in 
the context of inner product spaces. 


8.9 Pythagorean Theorem 


Suppose f and g are orthogonal elements of an inner product space. Then 


If +l? = IfI? + Igli’. 


Proof We have 
If tell? = (f+s,f+8) 
= (f, f) + (f8) + 8f) + (8.8) 
= |f? + lgl, 


as desired. 


Exercise 3 shows that whether or not the converse of the Pythagorean Theorem 
holds depends upon whether F = R or F = C. 


Suppose f and g are elements of an inner product space V, 
with g Æ 0. Frequently it is useful to write f as some number c 
times g plus an element / of V that is orthogonal to g. The figure cs 
here suggests that such a decomposition should be possible. To 


find the appropriate choice for c, note that if f = cg +h for 4 
some c € F and some h € V with (h, g} = 0, then we must 

have 

2 
(f,8) = (cg +h, 8) = ells’. A 
which implies that c = f 8) , which then implies that Here 
lll f=cg +h, 
(£8) where h is 


h=f- . Hence we are led to the following result. 
f lgl? j s orthogonal to g. 


8.10 orthogonal decomposition 


Suppose f and g are elements of an inner product space, with g # 0. Then there 


exists h € V such that 


(h,g) =0 and f= eh 


Proof Seth = f — i slg, Then 


(hog) = (f— Efes) = U8) — Bg.) =o, 


giving the first equation in the conclusion. The second equation in the conclusion 
follows immediately from the definition of h. 
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The orthogonal decomposition 8.10 is the main ingredient in our proof of the next 
result, which is one of the most important inequalities in mathematics. 


8.11 Cauchy—Schwarz inequality 


Suppose f and g are elements of an inner product space. Then 


Fs) < IIll 


with equality if and only if one of f, g is a scalar multiple of the other. 


Proof If g = 0, then both sides of the desired inequality equal 0. Thus we can 
assume g Æ 0. Consider the orthogonal decomposition 


_ (f8) 
f= Jgs T” 


given by 8.10, where A is orthogonal to g. The Pythagorean Theorem (8.9) implies 


iP =| ER) + m 


Fal 


2 
WF 81 + Ill]? 


a Ma 


Multiplying both sides of this inequality by ||¢||* and then taking square roots gives 
the desired inequality. 

The proof above shows that the Cauchy—Schwarz inequality is an equality if and 
only if 8.12 is an equality. This happens if and only if h = 0. But h = 0 if and only 
if f is a scalar multiple of g (see 8.10). Thus the Cauchy—Schwarz inequality is an 
equality if and only if f is a scalar multiple of g or g is a scalar multiple of f (or 
both; the phrasing has been chosen to cover cases in which either f or g equals 0). 


8.13 Example Cauchy—Schwarz inequality for F” 


Applying the Cauchy—Schwarz inequality with the standard inner product on F” 
to (|a,|,...,|an|) and (|by|,...,|bn|) gives the inequality 


Jarby| +-+- + lanbn| < yla? +--+ + lanl or? + + [Bn 


for all (a1, . .. an), (b1, ..., bn) € F”. 


Thus we have a new and clean proof : T 
a S ; The inequality in this example was 
of Hölder’s inequality (7.9) for the spe- : 
: : : first proved by Cauchy in 1821. 
cial case where y is counting measure on 


Tact) and p = p' = 2, 


Section 8A 


Inner Product Spaces 219 


8.14 Example Cauchy-Schwarz inequality for L? (p) 


Suppose 4 is a measure and f,g € L?(n). Applying the Cauchy—Schwarz 
inequality with the standard inner product on L? (y) to |f| and |g| gives the inequality 


[ifslows (fii? an) 


The inequality above is equivalent to 
Hölder’s inequality (7.9) for the special 
case where p = p’ = 2. However, 
the proof of the inequality above via the 
Cauchy—Schwarz inequality still depends 
upon Hdlder’s inequality to show that the 
definition of the standard inner product 
on L? (u) makes sense. See Exercise 18 
in this section for a derivation of the in- 


(fia 


In 1859 Viktor Bunyakovsky 
(1804-1889), who had been 
Cauchy’s student in Paris, first 
proved integral inequalities like the 


one above. Similar discoveries by 
Hermann Schwarz (1843—1921) in 
1885 attracted more attention and 
led to the name of this inequality. 


equality above that is truly independent of Hölder’s inequality. 


If we think of the norm determined by an 
inner product as a length, then the triangle in- 1 


equality has the geometric interpretation that the 


length of each side of a triangle is less than the 


sum of the lengths of the other two sides. 


8.15 triangle inequality 


Suppose f and g are elements of an inner product space. Then 


with equality if and only if one of f, g is a nonnegative multiple of the other. 


Proof We have 
If +l? = (f +8 f +2) 
= (ff) + (88) + 8) + &f) 
= (f, f) + (88) + (F2) + 8) 
= |If II? + lgl? +2Re(f,g) 
8.16 < IFI? + Isl? +218)! 
8.17 < |IF II? + lisli? + 211i Isl 


= (Ilfll + Ils)? 


where 8.17 follows from the Cauchy—Schwarz inequality (8.11). Taking square roots 
of both sides of the inequality above gives the desired inequality. 
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The proof above shows that the triangle inequality is an equality if and only if we 
have equality in 8.16 and 8.17. Thus we have equality in the triangle inequality if 
and only if 


8.18 (f,8) = IfI isll- 


If one of f, g is a nonnegative multiple of the other, then 8.18 holds, as you should 
verify. Conversely, suppose 8.18 holds. Then the condition for equality in the Cauchy- 
Schwarz inequality (8.11) implies that one of f, g is a scalar multiple of the other. 
Clearly 8.18 forces the scalar in question to be nonnegative, as desired. 


Applying the previous result to the inner product space L?( u), where pt is a 
measure, gives a new proof of Minkowski’s inequality (7.14) for the case p = 2. 

Now we can prove that what we have been calling a norm on an inner product 
space is indeed a norm. 


8.19 ||-|| isa norm 


Suppose V is an inner product space and || f|| is defined as usual by 


iy vier) 


for f € V. Then ||-|| is a norm on V. 


Proof The definition of an inner product implies that ||-|| satisfies the positive defi- 
nite requirement for a norm. The homogeneity and triangle inequality requirements 
for a norm are satisfied because of 8.6 and 8.15. 


The next result has the geometric in- 
terpretation that the sum of the squares 
of the lengths of the diagonals of a 
parallelogram equals the sum of the 
squares of the lengths of the four sides. 


8.20 parallelogram equality 


Suppose f and g are elements of an inner product space. Then 


lf + ll? + If — gl? = 2ilf? + 2llsiP. 


Proof We have 
If tel? + If- sl? =F +e f+s)+(f-s,f-8) 
= |F + gl? + (8) + (ef) 

HIFI + Isl? — Cf 8) — (gf) 

= 2| f|? + 2|igll?. 


as desired. 


Section 8A Inner Product Spaces 221 


EXERCISES 8A 


1 Let V denote the vector space of bounded continuous functions from R to F. 
Let r1,12,... be a list of the rational numbers. For f, g € V, define 


(a= 3 Elder), 
k=1 


Show that (-,-) is an inner product on V. 


2 Prove that if f, g € L?(y), then 


1 
MIRISI- ESDP = 5 f EOU) -OFP duly) aux) 
3 Suppose f and g are elements of an inner product space and 


If + sl? = IAP + lgl’. 


(a) Prove that if F = R, then f and g are orthogonal. 


(b) Give an example to show that if F = C, then f and g can satisfy the 
equation above without being orthogonal. 


4 Finda,b € RÊ such that a is a scalar multiple of (1,6,3), b is orthogonal to 
(1,6,3), and (5,4, —2) = a + b. 


5 Prove that 


for all positive numbers a, b, c,d, with equality if and only if a = b = c = d. 


6 Prove that the square of the average of each finite list of real numbers containing 
at least two distinct real numbers is less than the average of the squares of the 
numbers in that list. 


7 Suppose f and g are elements of an inner product space and ||f|| < 1 and 
I|¢|| < 1. Prove that 


J1- Iflèy1- lgl? <1 -I¢F-g)1- 
8 Suppose a and b are nonzero elements of R*. Prove that 
(a,b) = |lal| ||b|| cos 0, 


where 0 is the angle between a and b (thinking of a as the vector whose initial 
point is the origin and whose end point is a, and similarly for b). 


Hint: Draw the triangle formed by a, b, and a — b; then use the law of cosines. 
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The angle between two vectors (thought of as arrows with initial point at the 
origin) in R? or RÌ can be defined geometrically. However, geometry is not as 
clear in R” for n > 3. Thus the angle between two nonzero vectors a,b € R” 
is defined to be 
a,b) 

arccos ~y, 
lla || Ilb] 
where the motivation for this definition comes from the previous exercise. Ex- 
plain why the Cauchy—Schwarz inequality is needed to show that this definition 
makes sense. 


(a) Suppose f and g are elements of a real inner product space. Prove that f 
and g have the same norm if and only if f + g is orthogonal to f — g. 

(b) Use part (a) to show that the diagonals of a parallelogram are perpendicular 
to each other if and only if the parallelogram is a rhombus. 


Suppose f and g are elements of an inner product space. Prove that || f || = ||| 
if and only if ||sf + tg|| = ||£f + sg|| for all s,t € R. 


Suppose f and g are elements of an inner product space and || f|| = |||] = 1 
and (f, g) = 1. Prove that f = g. 


Suppose f and g are elements of a real inner product space. Prove that 


tg Itel- lf- sl? 


Suppose f and g are elements of a complex inner product space. Prove that 


ya lA sll? = If = gll? + lf + igl?i = igl 
1 . 


(f,8 


Suppose f, g, h are elements of an inner product space. Prove that 


— f]|2 = Bl 2 es 
p- pyro = McA al, 


Prove that a norm satisfying the parallelogram equality comes from an inner 
product. In other words, show that if V is a normed vector space whose norm 
||- || satisfies the parallelogram equality, then there is an inner product (-,-) on 
V such that || f|| = (f, f)!/? for all f € V. 


Let A denote Lebesgue measure on [1, œ). 


(a) Prove that if f: [1,00) — [0,co) is Borel measurable, then 


(raw) < [P26 @y awn. 


(b) Describe the set of Borel measurable functions f: [1,00) — [0, c0) such 
that the inequality in part (a) is an equality. 
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Suppose y is a measure. For f, g € L? (u), define (f, g) by 


(f, 8) = | Fay. 
(a) Using the inequality 
FOI OP + g), 


verify that the integral above makes sense and the map sending f, g to (f, g) 
defines an inner product on L? (u) (without using Hölder’s inequality). 


(b) Show that the Cauchy—Schwarz inequality implies that 


lIfsila < Ifllallslle 


for all f,g € L? (u) (again, without using Hélder’s inequality). 


Suppose Vj,..., Vm are inner product spaces. Show that the equation 


((fir-- ++ fm), (S1r-+ 8m)) = (ft, 1) + +++ + (fm 8m) 


defines an inner product on V1 X -- + X Vm. 
[Each of the inner product spaces V1,..., Vm may have a different inner product, 
even though the same inner product notation is used on all these spaces. | 


Suppose V is an inner product space. Make V x V an inner product space 
as in the exercise above. Prove that the function that takes an ordered pair 
(f,g) € V x V to the inner product (f, g} € F is a continuous function from 
V x VtoF. 


Suppose 1 < p < œ. 


(a) Show the norm on £P comes from an inner product if and only if p = 2. 


(b) Show the norm on L? (R) comes from an inner product if and only if p = 2. 


Use inner products to prove Apollonius’s identity: 
In a triangle with sides of length a, b, and c, let d 
be the length of the line segment from the midpoint 
of the side of length c to the opposite vertex. Then 


a +b = Ta +28. 
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8B Orthogonality 


Orthogonal Projections 


The previous section developed inner product spaces following a standard linear 
algebra approach. Linear algebra focuses mainly on finite-dimensional vector spaces. 
Many interesting results about infinite-dimensional inner product spaces require an 
additional hypothesis, which we now introduce. 


Definition 


A Hilbert space is an inner product space that is a Banach space with the norm 
determined by the inner product. 


8.22 Example Hilbert spaces 


e Suppose p is a measure. Then L? (p) with its usual inner product is a Hilbert 
space (by 7.24). 


e As a special case of the first bullet point, if € Z* then taking y to be counting 
measure on {1,...,} shows that F” with its usual inner product is a Hilbert 
space. 


e As another special case of the first bullet point, taking y4 to be counting measure 
on Z* shows that ¢? with its usual inner product is a Hilbert space. 


Every closed subspace of a Hilbert space is a Hilbert space [by 6.16(b)]. 


8.23 Example not Hilbert spaces 


e The inner product space £1, where ((a1,a2,...), (b1,b2,..-)) = E1 ands, is 
not a Hilbert space because the associated norm is not complete on @!. 


e The inner product space C([0, 1]) of continuous F-valued functions on the inter- 


val [0,1], where (f,g) = fi : f3, is not a Hilbert space because the associated 
norm is not complete on C (\o, 1]). 


The next definition makes sense in the context of normed vector spaces. 
Definition 


Suppose U is a nonempty subset of a normed vector space Vand f € V. The 


distance from f to U, denoted distance (f, U), is defined by 


distance(f, U) = inf{||f — g| :g € U}. 


Notice that distance(f, U) = 0 if and only if f € U. 
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8.25 Definition convex set 


e A subset of a vector space is called convex if the subset contains the line 
segment connecting each pair of points in it. 


e More precisely, suppose V is a vector space and U C V. Then U is called 
convex if 


(1—t)f + tg € U for all t € [0,1] and all f,g € U. 


Convex subset of R°. Nonconvex subset of R?. 


8.26 Example convex sets 


e Every subspace of a vector space is convex, as you should verify. 


e If V is a normed vector space, f € V, and r > 0, then the open ball centered at 
f with radius r is convex, as you should verify. 


The next example shows that the distance from an element of a Banach space to a 
closed subspace is not necessarily attained by some element of the closed subspace. 
After this example, we will prove that this behavior cannot happen in a Hilbert space. 


8.27 Example no closest element to a closed subspace of a Banach space 


In the Banach space C({0,1]) with norm ||g|| = sup|g], let 
[0,1] 


z 


U= {s € c01): f g= 0amaga) =o}. 


Then U is a closed subspace of C([0,1]). 
Let f € C([0,1]) be defined by f(x) = 1 — x. Fork € ZY, let 


ae et i x—1 
8k 2 TZ TKT 


Then gy € U and limg_,.o||f — gx|| = 3, which implies that distance(f,U) < 5. 
If g € U, then iG (f — 3) = $ and (f — g)(1) = 0. These conditions imply that 


lf -gll > 3- 
Thus distance(f,U) = $ but there does not exist g € U such that || f — g|| = 3. 
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In the next result, we use for the first time the hypothesis that V is a Hilbert space. 


8.28 distance to a closed convex set is attained in a Hilbert space 


e The distance from an element of a Hilbert space to a nonempty closed convex 
set is attained by a unique element of the nonempty closed convex set. 


e More specifically, suppose V is a Hilbert space, f € V, and U is a nonempty 
closed convex subset of V. Then there exists a unique g € U such that 


lf — g|| = distance(f, U). 


Proof First we prove the existence of an element of U that attains the distance to f. 
To do this, suppose g1, 82, . . . is a sequence of elements of U such that 


8.29 jim ||f — g|| = distance(f, U). 
Then for j,k € Z* we have 
llgi— sell? = IO — gx) - F -—3,)I 
= 2ILf — sell? + 2I,f — gill? - 2 — (e+ 3) 


= 2llf — gel? +2I1f — gy? aje- 84) 


á 2 
8.30 < 2f — gull +2ILf — gill? — 4 (distance(f, U))”, 


where the second equality comes from the parallelogram equality (8.20) and the 
last line holds because the convexity of U implies that (g + gj) /2 € U. Now the 
inequality above and 8.29 imply that g1, g2, . . . is a Cauchy sequence. Thus there 
exists g € V such that 


8.31 lim ||g — g|| = 0. 
k= œ 


Because U is a closed subset of V and each g € U, we know that g € U. Now 8.29 
and 8.31 imply that 
If — g|| = distance(f, U), 
which completes the existence proof of the existence part of this result. 
To prove the uniqueness part of this result, suppose g and ¢ are elements of U 
such that 


8.32 If- sll = ||f — || = distance(f, U). 
Then 


x||2 2 w= ||2 ‘ 2 
lg — all < 2Ilf — gil? + 2If — lf — 4(distance(f, U)) 
8.33 = 0, 
where the first line above follows from 8.30 (with g; replaced by g and g% replaced 


by &) and the last line above follows from 8.32. Now 8.33 implies that g = ĝ, 
completing the proof of uniqueness. 
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Example 8.27 showed that the existence part of the previous result can fail in a 
Banach space. Exercise 13 shows that the uniqueness part can also fail in a Banach 
space. These observations highlight the advantages of working in a Hilbert space. 


8.34 Definition orthogonal projection; Py 


Suppose U is a nonempty closed convex subset of a Hilbert space V. The 
orthogonal projection of V onto U is the function Pyu: V — V defined by setting 
Pu(f) equal to the unique element of U that is closest to f. 


The definition above makes sense because of 8.28. We will often use the notation 
Puf instead of Py(f). To test your understanding of the definition above, make sure 
that you can show that if U is a nonempty closed convex subset of a Hilbert space V, 
then 


e Puf = f if and only if f € U; 


e Pu o Pu = Pu. 


8.35 Example orthogonal projection onto closed unit ball 
Suppose U is the closed unit ball {g € V : ||g|| < 1} ina Hilbert space V. Then 


Í if || f|] <1, 
Puf =4 f 


mi IFI > 1, 


as you should verify. 


8.36 Example orthogonal projection onto a closed subspace 


Suppose U is the closed subspace of 4? consisting of the elements of £2 whose 
even coordinates are all 0: 


U = {(a1,0,a3,0,a5,0,...) : each ag € F and Plax? <œ}. 
k=1 


Then for b = (bı, bz, b3, b4, bs, be, - . :) € È, we have 
Pub = (b1, 0, b3,0, b5,0,...), 


as you should verify. 

Note that in this example the function Py is a linear map from (7 to (unlike the 
behavior in Example 8.35). 

Also, notice that b — Prb = (0, b2, 0, b4, 0, be, . . .) and thus b — Pirb is orthogonal 
to every element of U. 


The next result shows that the properties stated in the last two paragraphs of the 
example above hold whenever U is a closed subspace of a Hilbert space. 
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8.37 orthogonal projection onto closed subspace 

Suppose U is a closed subspace of a Hilbert space V and f € V. Then 

(a) f — Puf is orthogonal to g for every g € U; 

(b) ifh € U and f — h is orthogonal to g for every g € U, then h = Puf; 


(c) Pu: V > V is a linear map; 


(a) ||Pufl| < ||f||, with equality if and only if f € U. 


Proof The figure below illustrates (a). To prove (a), suppose g € U. Then for all 
a € F we have 


If — Pufll? < |f- Puf + «gl? 
= (f — Puf + ag, f — Puf + «g) 
= |f — Puf |? + le? ligil? +2Rea(f — Puf,g). 


Let a = —t( f — Puf, g) fort > 0. A tiny bit of algebra applied to the inequality 
above implies 
UF — Puf, gl < #l(f — Puf-g)P lai? 
for all t > 0. Thus (f — Puf, g) = 0, completing the proof of (a). 
To prove (b), suppose h € U and f — h is orthogonal to g for every g € U. If 
g € U, then h — g € U and hence f — h is orthogonal to h — g. Thus 


lf — All? < If — hI? + [lh gl? f-Puf 
= If —h) + (h - 8)||7 u 
—e P f 
= ||f - sll? : j 


f — Puf is orthogonal to each element of U. 
where the first equality above follows from the Pythagorean Theorem (8.9). Thus 


If = All < If = sll 


for all g € U. Hence h is the element of U that minimizes the distance to f, which 
implies that h = Py f, completing the proof of (b). 

To prove (c), suppose f1, fo € V. If g € U, then (a) implies that (fı — Pu f1, g8) = 
(fo — Pu f2, Q) = 0, and thus 


(fi + f2) — Pufi + Puf2),8) =0. 
The equation above and (b) now imply that 
Pulfi + fo) = Pufi + Pufe. 


The equation above and the equation Pyu (af) = «Puf for « € F (whose proof is left 
to the reader) show that Py; is a linear map, proving (c). 
The proof of (d) is left as an exercise for the reader. 
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Orthogonal Complements 


8.38 Definition orthogonal complement; U+ 


Suppose U is a subset of an inner product space V. The orthogonal complement 
of U is denoted by U+ and is defined by 


U+={heV: (g,h) = 0 forall g € U}. 


In other words, the orthogonal complement of a subset U of an inner product 
space V is the set of elements of V that are orthogonal to every element of U. 


8.39 Example orthogonal complement 


Suppose U is the set of elements of L whose even coordinates are all 0: 
U = {(a1,0,a3,0,a5,0,...) : each ag € F and Y Jaxl? <œ}. 
k=1 


Then U+ is the set of elements of £2 whose odd coordinates are all 0: 


ut = {0,a2,0,a4,0,a6,...) : each a, € F and L |aox|? < oo}, 
k=1 
as you should verify. 


8.40 properties of orthogonal complement 


Suppose U is a subset of an inner product space V. Then 
(a) U- is a closed subspace of V; 

b) UnU+ c {0}; 

(c) if W C U, then U+ C WH; 


qd) U = U: 
Cet. 


Proof To prove (a), suppose hı, hz, . . . is a sequence in U+ that converges to some 
h € V. If g € U, then 


|(8-h)| = (gh — he) < lIgll ||» — fll for each k € Z+; 


hence (g, h) = 0, which implies that h € U+. Thus U+ is closed. The proof of (a) 
is completed by showing that U-- is a subspace of V, which is left to the reader. 

To prove (b), suppose g € U N UŁ. Then (g, g) = 0, which implies that g = 0, 
proving (b). 

To prove (e), suppose g € U. Thus (¢,h) = 0 forall h € UŁ, which implies that 
g € (U+)+. Hence U C (U+)+, proving (e). 

The proofs of (c) and (d) are left to the reader. 


x 
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The results in the rest of this subsection have as a hypothesis that V is a Hilbert 
space. These results do not hold when V is only an inner product space. 


8.41 orthogonal complement of the orthogonal complement 


Suppose U is a subspace of a Hilbert space V. Then 


T = (U+) 


Proof Applying 8.40(a) to U+, we see that (U+)+ is a closed subspace of V. Now 
taking closures of both sides of the inclusion U C (i [8.40(e)] shows that 
uc (u+)-+. 

To prove the inclusion in the other direction, suppose f € (U+)+. Because 
f € (U+)+ and Pgf € U C (U+)+ (by the previous paragraph), we see that 


f=Pof (a). 
Also, 
f- Pyf € Ut 
by 8.37(a) and 8.40(d). Hence 
f- Pgf € U+ (U+). 
Now 8.40(b) (applied to U+ in place of U) implies that f — Pf = 0, which implies 
that f € U. Thus (U+) C U, completing the proof. 


As a special case, the result above implies that if U is a closed subspace of a 
Hilbert space V, then U = (U+)+. 

Another special case of the result above is sufficiently useful to deserve stating 
separately, as we do in the next result. 


8.42 necessary and sufficient condition for a subspace to be dense 


Suppose U is a subspace of a Hilbert space V. Then 


U= V ifandonlyif UŁ = {0}. 


Proof First suppose U = V. Then using 8.40(d), we have 


ut =U =v = {0}. 


To prove the other direction, now suppose Ut = {0}. Then 8.41 implies that 


U = (ut) = {0}+ = v, 


completing the proof. 
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The next result states that if U is a 
closed subspace of a Hilbert space V, 
then V is the direct sum of U and UŁ, 
often written V = U@ UŁ, although 
we do not need to use this terminology 
or notation further. 

The key point to keep in mind is u 
that the next result shows that the pic- 0 
ture here represents what happens in 
general for a closed subspace U of a 
Hilbert space V: every element of V 
can be uniquely written as an element 
of U plus an element of U+. 


ut 


8.43 orthogonal decomposition 


Suppose U is a closed subspace of a Hilbert space V. Then every element f € V 
can be uniquely written in the form 


f=8g+h, 


where g € U and h € UŁ. Furthermore, g = Pyf and h = f — Py f. 


Proof Suppose f € V. Then 


f= Puf + (f — Puf), 


where Puf € U [by definition of Pf as the element of U that is closest to f] and 
f-Puf € ut [by 8.37(a)]. Thus we have the desired decomposition of f as the 
sum of an element of U and an element of U+. 

To prove the uniqueness of this decomposition, suppose 


f=ath = g2 + ho, 


where 91,22 € U and hı, h2 € UŁ. Then gy — go = hz — hı € UN UŁ, which 
implies that g; = go and hı = hg, as desired. 


In the next definition, the function I depends upon the vector space V. Thus a 
notation such as Iy might be more precise. However, the domain of I should always 
be clear from the context. 


Suppose V is a vector space. The identity map I is the linear map from V to V 
defined by If = f for f € V. 


The next result highlights the close relationship between orthogonal projections 
and orthogonal complements. 
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8.45 range and null space of orthogonal projections 


Suppose U is a closed subspace of a Hilbert space V. Then 


(a) range Pyu = U and null Py = U+; 


(b) range Pi = U+ and null Pı = U; 


(c) Pu =I- Py. 


Proof The definition of Py f as the closest point in U to f implies range Py C U. 
Because Pyg = g forall g € U, we also have U C range Py. Thus range Py = U. 

If f € null Py, then f € UŁ [by 8.37(a)]. Thus null Py C UŁ. Conversely, if 
f € UŁ, then 8.37(b) (with h = 0) implies that Puf = 0; hence U+ C null Py. 
Thus null Py = U~, completing the proof of (a). 

Replace U by U+ in (a), getting range Pyu = U+ and null Pj. = (U+)+ = U 
(where the last equality comes from 8.41), completing the proof of (b). 

Finally, if f € U, then 


Pf =0=f—Puf =(1-Pu)f, 


where the first equality above holds because null Py = U [by ()]. 
If f € UŁ, then 


Puf=f=f—Puf = (I -Pu)f, 


where the second equality above holds because null Py = U+ [by (a)]. 

The last two displayed equations show that Py, and I — Py agree on U and agree 
on U+. Because P; and I — Py are both linear maps and because each element of 
V equals some element of U plus some element of U+ (by 8.43), this implies that 
Pit = I — Pu, completing the proof of (c). 


8.46 Example Py. =I— Pu 
Suppose U is the closed subspace of L? (R) defined by 
U = {f € L?(R) : f(x) = 0 for almost every x < 0}. 
Then, as you should verify, 
UŁ = {f € L?(R) : f(x) = 0 for almost every x > 0}. 
Furthermore, you should also verify that if f € L? (R), then 
Puf = FX.) and Pf = fX, 0): 


Thus Puf = f(1— Xo oo) = (I — Py) f and hence Pı = I — Py, as asserted in 
8.45(c). 
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Riesz Representation Theorem 


Suppose h is an element of a Hilbert space V. Define gy: V > F by 9(f) = (f,h) 
for f € V. The properties of an inner product imply that @ is a linear functional. 
The Cauchy—Schwarz inequality (8.11) implies that |p(f)| < ||f|| ||| for all f € V, 
which implies that @ is a bounded linear functional on V. The next result states that 
every bounded linear functional on V arises in this fashion. 

To motivate the proof of the next result, note that if @ is as in the paragraph above, 
then null g = {h}+. Thus h € (null g)+ [by 8.40(e)]. Hence in the proof of the 
next result, to find h we start with an element of (null g)+ and then multiply it by a 
scalar to make everything come out right. 


8.47 Riesz Representation Theorem 


Suppose ¢ is a bounded linear functional on a Hilbert space V. Then there exists 


a unique h € V such that 
pf) = (fh) 
| = [lal 


Proof If ọ = 0, take h = 0. Thus we can assume ọ Æ 0. Hence null ọ is a closed 
subspace of V not equal to V (see 6.52). The subspace (null g)+ is not {0} (by 
8.42). Thus there exists g € (null g)+ with ||g|| = 1. Let 


h = 9(g)g. 
Taking the norm of both sides of the equation above, we get |||| = |g(¢)|. Thus 
8.48 g(h) = |9(g)I* = Ilall. 


Now suppose f € V. Then 


= e e 
=( h 
=9 


olf), 
tale ) 


(f), 


where 8.49 holds because f — i h € null 9 (by 8.48) and h is orthogonal to all 


elements of null g. 
We have now proved the existence of h € V such that g(f) = (f,/) for all 
f € V. To prove uniqueness, suppose h € V has the same property. Then 


(n—h,h—h) = (h—h,h) — (h — i i) = g(h—h) — (hh) =0, 


which implies that h = h, which proves uniqueness. 

The Cauchy—Schwarz inequality implies that |p(f)| = |(f,4)| < |||] [|| for 
all f € V, which implies that ||@|| < ||h||. Because p(h) = (h,h) = -|\h\l2, we also 
have ||g|| > ||/||. Thus ||g|| = ||/||, completing the proof. 
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Suppose that p is a measure and : ; a 
1 < p < œ. In 7.25 we considered the ee n a a 
f 8.47 in 1907. 
natural map of L? (u) into (L?(p)) , and 
we showed that this maps preserves norms. In the special case where p = p’ = 2, 
the Riesz Representation Theorem (8.47) shows that this map is surjective. In other 


words, if ọ is a bounded linear functional on L? (jz), then there exists h € L*(j) such 
that 


ef) = f fhau 


for all f € eal 4) (take h to be the complex conjugate of the function given by 8.47). 
Hence we can identify the dual of L? (u) with L? (u). In 9.42 we will deal with other 
values of p. Also see Exercise 25 in this section. 


EXERCISES 8B 


1 Show that each of the inner product spaces in Example 8.23 is not a Hilbert 
space. 


2 Prove or disprove: The inner product space in Exercise 1 in Section 8A is a 
Hilbert space. 


3 Suppose V1, V2,... are Hilbert spaces. Let 


V= { (fifo) € Vy x Vo x +1 Elfel? < c}. 
k=1 


Show that the equation 


Gee Lai 


defines an inner product on V that makes V a Hilbert space. 

[Each of the Hilbert spaces V1, Vz, . . . may have a different inner product, even 
though the same notation is used for the norm and inner product on all these 
Hilbert spaces. | 


4 Suppose V is a real Hilbert space. The complexification of V is the complex 
vector space Vc defined by Vc = V x V, but we write a typical element of Vc 
as f + ig instead of (f, g). Addition and scalar multiplication are defined on 
Vc by 

(fi +ig1) + 2 +ig2) = (fı + f2) + i(81 +82) 
and 
(a + Bi) (f + ig) = (af — Bg) + (ag + Bf)i 
for fi, fo, f, 21, 82,8 € V anda, B € R. Show that 


(fi + igi, f2 + ga) = (fir f2) + (e182) + ((81 f2) — (fi 82))t 


defines an inner product on Vc that makes Vc into a complex Hilbert space. 
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11 


12 


13 


14 
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Prove that if V is a normed vector space, f € V, and r > 0, then the open ball 
B(f,r) centered at f with radius r is convex. 


(a) Suppose V is an inner product space and B is the open unit ball in V (thus 
B={f € V: ||f|| < 1}. Prove that if U is a subset of V such that 
B C U C B, then U is convex. 


(b) Give an example to show that the result in part (a) can fail if the phrase 


inner product space is replaced by Banach space. 


Suppose V is a normed vector space and U is a closed subset of V. Prove that 
U is convex if and only if 


es € U forall f,g € U. 


Prove that if U is a convex subset of a normed vector space, then U is also 
convex. 


Prove that if U is a convex subset of a normed vector space, then the interior of 
U is also convex. 
[The interior of U is the set {f € U: B(f,r) C U for some r > 0}.] 


Suppose V is a Hilbert space, U is a nonempty closed convex subset of V, and 
g € U is the unique element of U with smallest norm (obtained by taking f = 0 
in 8.28). Prove that 


Re(g,h) > |igll? 
for all h € U. 


Suppose V is a Hilbert space. A closed half-space of V is a set of the form 
{g E€ V :Re(g,h) > c} 


for some h € V and some c € R. Prove that every closed convex subset of V is 
the intersection of all the closed half-spaces that contain it. 


Give an example of a nonempty closed subset U of the Hilbert space (7 and 
a € Ê such that there does not exist b € U with ||a — b|| = distance(a, U). 
[By 8.28, U cannot be a convex subset of ¢7.] 


In the real Banach space RÊ? with norm defined by ||(x,) oo = max{|x|, Iyl} 
give an example of a closed convex set U C R* and z € RÊ such that there 
exist infinitely many choices of w € U with ||z — w|| = distance(z, U). 


Suppose f and g are elements of an inner product space. Prove that (f, g) = 0 


if and only if 
IAIL < If + «gll 
for alla € F. 


Suppose U is a closed subspace of a Hilbert space V and f € V. Prove that 
||Pufl| < ||f||, with equality if and only if f € U. 
[This exercise asks you to prove 8.37(d).] 
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Suppose V is a Hilbert space and P: V — V is a linear map such that P? = P 
and ||Pf|| < ||f|| for every f € V. Prove that there exists a closed subspace U 
of V such that P = Py. 


Suppose U is a subspace of a Hilbert space V. Suppose also that W is a Banach 
space and S: U — W isa bounded linear map. Prove that there exists a bounded 
linear map T: V — W such that T|ų = S and ||T|| = ||S||. 

LUfW =F, then this result is just the Hahn—Banach Theorem (6.69) for Hilbert 
spaces. The result here is stronger because it allows W to be an arbitrary 
Banach space instead of requiring W to be F. Also, the proof in this Hilbert 
space context does not require use of Zorn’s Lemma or the Axiom of Choice. ] 


Suppose U and W are subspaces of a Hilbert space V. Prove that U = W if and 
only if U+ = WŁ. 


Suppose U and W are closed subspaces of a Hilbert space. Prove that Pu Pw = 0 
if and only if (f,g) = 0 forall f € U and all g € W. 

Verify the assertions in Example 8.46. 

Show that every inner product space is a subspace of some Hilbert space. 


Hint: See Exercise 13 in Section 6C. 


Prove that if T is a bounded linear operator on a Hilbert space V and the 
dimension of range T is 1, then there exist g, € V such that 


Tf = (f,g)h 
forall f € V. 


(a) Give an example of a Banach space V and a bounded linear functional p 
on V such that |e(f)| < ||¢|| I| f| for all f € V \ {0}. 


(b) Show there does not exist an example in part (a) where V is a Hilbert space. 


(a) Suppose @ and w are bounded linear functionals on a Hilbert space V such 
that || + || = ||@|| + |||]. Prove that one of g, y is a scalar multiple of 
the other. 

(b) Give an example to show that part (a) can fail if the hypothesis that V is a 
Hilbert space is replaced by the hypothesis that V is a Banach space. 


(a) Suppose that p is a finite measure, 1 < p < 2, and ọ is a bounded 
linear functional on L” (p). Prove that there exists h € L?’'(w) such that 
p(f) = f fhdp for every f € LP (u). 

(b) Same as part (a), but with the hypothesis that y is a finite measure replaced 
by the hypothesis that jz is a measure. 


[See 7.25, which along with this exercise shows that we can identify the dual of 
LP (u) with LP() for 1 < p < 2. See 9.42 for an extension to all p € (1,0°).] 


Prove that if V is a infinite-dimensional Hilbert space, then the Banach space 
B(V) is nonseparable. 
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8C Orthonormal Bases 


Bessel’s Inequality 


Recall that a family {e,},cr in a set V is a function e from a set T to V, with the 
value of the function e at k € T denoted by ex (see 6.53). 


8.50 Definition orthonormal family 


A family {ex }ķer in an inner product space is called an orthonormal family if 


_ fo if Ak 
TE ifj=k 


forall j,k E€ T. 


In other words, a family {ex }ķer is an orthonormal family if ej and ex are orthog- 
onal for all distinct j,k € T and |le,|| = 1 for all k € T. 


8.51 Example orthonormal families 


e Fork € Zt, let e; be the element of 4 all of whose coordinates are 0 except for 
the k! coordinate, which is 1: 


ek = (0,...,0,1,0,...). 


Then {e,};¢z+ is an orthonormal family in Æ. In this case, our family is a 
sequence; thus we can call {e,},¢7+ an orthonormal sequence. 


More generally, suppose I is a nonempty set. The Hilbert space L?( u), where 
u is counting measure on T, is often denoted by (T). For k € T, define a 


function eg: IT — F by 
f 1 ifj=k, 
elj) = 


0 iff Ak. 
Then {ex }zer is an orthonormal family in £ (T). 
e Fork € Z, define ep: (—7, 1] > R by 
1_sin(kt) ifk >0, 


4 
elt) = § see ifk =0, 
a cos(kt) ifk <0. 


Then {ex }kez is an orthonormal family in L? ((—7r, 71]), as you should verify 
(see Exercise | for useful formulas that will help with this verification). 


This orthonormal family {e,},<z leads to the classical theory of Fourier series, 
as we will see in more depth in Chapter 11. 
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e For k a nonnegative integer, define ex: [0,1) — F by 


1 ifx € ES ar) for some odd integer n, 


=] ifxe (se, x) for some even integer n. 


The figure below shows the graphs 
of e0, €1, €2, and e3. The pattern of 
these graphs should convince you that 
{ek }ke{o,1,...} 8 an orthonormal fam- 


ily in L?((0,1)). 


This orthonormal family was 
invented by Hans Rademacher 
(1892-1969). 


=] —1 
The graph of eo. The graph of e1. The graph of e2. The graph of e3. 


e Now we modify the example in the previous bullet point by translating the 
functions in the previous bullet point by arbitrary integers. Specifically, for k a 
nonnegative integer and m € Z, define egm: R — F by 


1 ifxe([m nom sr) for some odd integer n € [1,2%], 
ekm( xX) = 4-1 ifxe [m "t, m xr) for some even integer n € [1,2*], 


0 ifx ¢ [n,m +1). 


Then {2 m }(km)€{0,1,...} xz İS an orthonormal family in L?(R). 


This example illustrates the usefulness of considering families that are not 
sequences. Although {0,1,...} x Z is a countable set and hence we could 
rewrite {€km} (kme {0,1,...}xz a$ a sequence, doing so would be awkward and 
would be less clean than the ex m notation. 


The next result gives our first indication of why orthonormal families are so useful. 


8.52 finite orthonormal families 


Suppose © is a finite set and {e;} j<q is an orthonormal family in an inner product 
space. Then 


2 
a = ela? 
jeO jO 


for every family {aj} jeq in F. 
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Proof Suppose {aj} jeo is a family in F. Standard properties of inner products 
show that 


|E wel = (E aje L ae) 
jQ 


jEQ KEQ 


D ajaglej er) 


jkEQ 


= Vila’, 


jEQ 


as desired. 


Suppose Q is a finite set and {e it jeo is an orthonormal family in an inner product 
space. The result above implies that if } jen «je; = 0, then a; = 0 for every j € Q. 

Linear algebra, and algebra more generally, deals with sums of only finitely many 
terms. However, in analysis we often want to sum infinitely many terms. For example, 
earlier we defined the infinite sum of a sequence g1, 82, . . . in a normed vector space 
to be the limit as n — oo of the partial sums )°/_, gx if that limit exists (see 6.40). 

The next definition captures a more powerful method of dealing with infinite sums. 
The sum defined below is called an unordered sum because the set I is not assumed 
to come with any ordering. A finite unordered sum is defined in the obvious way. 


8.53 Definition unordered sum; Yi pcr fk 


Suppose {fk }ķer is a family in a normed vector space V. The unordered sum 
Ver fk is said to converge if there exists g € V such that for every € > 0, there 
exists a finite subset Q of T such that 


le- Dail <¢ 


jen! 


for all finite sets QO’ with Q C O’ CT. If this happens, we set Yer fk = g. If 
there is no such g € V, then } ķer fk is left undefined. 


Exercises at the end of this section ask you to develop basic properties of unordered 
sums, including the following: 


e Suppose {az }ķer is a family in R and a, > 0 for each k € T. Then the unordered 
sum ) cep 4, converges if and only if 


sup{ L aj : QO is a finite subset of Tf <0, 
je 


Furthermore, if } per a, converges then it equals the supremum above. If 
gerak does not converge, then the supremum above is oo and we write 
a; = œ (this notation should be used only when a; > 0 for each k € T). 

keT 4k y: k 
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e Suppose {ax }ķer is a family in R. Then the unordered sum Yzer ag converges 
if and only if Y,er|az| < œ. Thus convergence of an unordered summation in 
R is the same as absolute convergence. As we are about to see, the situation in 
more general Hilbert spaces is quite different. 


Now we can extend 8.52 to infinite sums. 


8.54 linear combinations of an orthonormal family 


Suppose {ex }ķer is an orthonormal family in a Hilbert space V. Suppose {ax} ker 
is a family in F. Then 


(a) the unordered sum y ape, converges <=> y la|? < 00. 


keT kel 


Furthermore, if } ker &e, converges, then 


(b) 


Proof First suppose } per &kek converges, with } per &kek = g. Suppose £ > 0. 
Then there exists a finite set Q C T such that 


|s- L ae; <E 


jen! 


for all finite sets O’ with Q c Q’ CT. If’ isa finite set with Q C O’ CT, then 
the inequality above implies that 


Igl-e< | © ell < lgl +s. 
jE% 
which (using 8.52) implies that 


1/2 
isl -e< (Z laj?) <lisi +e 
je 


1/2 
Thus ||¢|| = (Zrerlaxl?) 


proof of (b). 

To prove the other direction of (a), now suppose Lrerlarl? < œ. Thus there 
exists an increasing sequence Q4 C QO? C -+ - of finite subsets of I such that for 
each m € Zt, 


, completing the proof of one direction of (a) and the 


1 

2 

8.55 o}, lay? < a 

for every finite set Q’ such that Qm C Q’ CT. For each m € Z*, let 


Sm = }, aye}. 
JEOm 
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If n > m, then 8.52 implies that 


1 
Digs 2 
ln — 8ml = > |@;| < mne 
j€On\Qn 
Thus 91, 82, . . . is a Cauchy sequence and hence converges to some element g of V. 


Temporarily fixing m € Z* and taking the limit of the equation above as n — 0, 
we see that 


1 
lg —gml| < z 


To show that Xer apex = g, suppose £ > 0. Let m € Z* be such that 2 KE: 
Suppose ( is a finite set with Qm C Q’ C T. Then 


IA 


IIS — &ml| + | gm = aje; | 


ls- X sel 
jen! je! 


IA 
| 
+ 


where the third line comes from 8.52 and the last line comes from 8.55. Thus 
Ver “rex = g, completing the proof. 


8.56 Example a convergent unordered sum need not converge absolutely 


Suppose {ek}kez+ is the orthogonal family in (? defined by setting eg equal to 
the sequence that is 0 everywhere except for a 1 in the k™ slot. Then by 8.54, the 
unordered sum 

1 
de Rk 


keZzt 


converges in (7 (because )pez+ b < 00) even though )y<z+|| Lex|| = œ. Note 
that Pyez+ tek = (1,5, 4,...) € Z. 


Now we prove an important inequality. 


8.57 Bessel’s inequality 


Suppose {e,},er is an orthonormal family in an inner product space V and f € V. 


Then 


Lil (feel? < Ill. 
keT 
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Proof Suppose Q is a finite subset of T. 


Then Bessel’s inequality is named in 


honor of Friedrich Bessel 
= Ay, 2 Aoga (1784-1846), who discovered this 
i= Li ene) E (f LY ejej) ? inequality in 1828 in the special 
case of the trigonometric 
where the first sum above is orthogonal | orthonormal family given by the 
to the term in parentheses above (as you \ third bullet point in Example 8.51. 
should verify). 
Applying the Pythagorean Theorem (8.9) to the equation above gives 


5 2 
e= |E eosl +l- Eel 


2 
> |Z reel 


jEQ 


= Vile 


jEQ 


where the last equality follows from 8.52. Because the inequality above holds for 
every finite set Q C T, we conclude that || f ||? > Xrer| (f, ep) |2, as desired. 


Recall that the span of a family {ex }ķer in a vector space is the set of finite sums 
of the form 
2 jej, 
jeO 
where Q is a finite subset of I and {ajticn is a family in F (see 6.54). Bessel’s 


inequality now allows us to prove the following beautiful result showing that the 
closure of the span of an orthonormal family is a set of infinite sums. 


8.58 closure of the span of an orthonormal family 


Suppose {e;}xer is an orthonormal family in a Hilbert space V. Then 
(a) span {ek}ker = DE apex: {ak }ker is a family in F and P lal? < oo} 
kel kel 


Furthermore, 


(b) f= ie 


keT 


for every f € span {ex }er. 


Proof The right side of (a) above makes sense because of 8.54(a). Furthermore, the 
right side of (a) above is a subspace of V because ¢7(I’) [which equals £? (u), where 
y is counting measure on T] is closed under addition and scalar multiplication by 7.5. 
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Suppose first {a;},er is a family in F and Yyer|ayz|2 < œ. Lete > 0. Then 
there is a finite subset Q of TI such that 


L |a;| ae. 


jET\Q 


The inequality above and 8.54(b) imply that 


| y ae- Y ae; <E. 
jQ 


keT 


The definition of the closure (see 6.7) now implies that } zer ape, € span {ex} Ker, 
showing that the right side of (a) is contained in the left side of (a). 
To prove the inclusion in the other direction, now suppose f € span {ex }xer. Let 


8.59 ga) Leder 


keT 


where the sum above converges by Bessel’s inequality (8.57) and by 8.54(a). The 
direction of the inclusion that we just proved implies that g € span {ex },cr. Thus 


8.60 g—f € span {ex} cer- 


Equation 8.59 implies that (g,e;) = (f,e;) for each j € I, as you should verify 
(which will require using the Cauchy—Schwarz inequality if done rigorously). Hence 


(e — f,ek) =0 foreveryk ET. 


This implies that 


sE (span{e;}jer)~ = (span{ej}jer) 


where the equality above comes from 8.40(d). Now 8.60 and the inclusion above 
imply that f = g [see 8.40(b)], which along with 8.59 implies that f is in the right 
side of (a), completing the proof of (a). 

The equations f = g and 8.59 also imply (b). 


Parseval’s Identity 


Note that 8.52 implies that every orthonormal family in an inner product space is 
linearly independent (see 6.54 to review the definition of linearly independent and 
basis). Linear algebra deals mainly with finite-dimensional vector spaces, but infinite- 
dimensional vector spaces frequently appear in analysis. The notion of a basis is not 
so useful when doing analysis with infinite-dimensional vector spaces because the 
definition of span does not take advantage of the possibility of summing an infinite 
number of elements. 

However, 8.58 tells us that taking the closure of the span of an orthonormal 
family can capture the sum of infinitely many elements. Thus we make the following 
definition. 
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8.61 Definition orthonormal basis 


An orthonormal family {e,},<r in a Hilbert space V is called an orthonormal 
basis of V if 


span {ez }ker = V. 


In addition to requiring orthonormality (which implies linear independence), the 
definition above differs from the definition of a basis by considering the closure of 
the span rather than the span. An important point to keep in mind is that despite the 
terminology, an orthonormal basis is not necessarily a basis in the sense of 6.54. In 
fact, ifT is an infinite set and {ex }ķer is an orthonormal basis of V, then {ex }ķer is 
not a basis of V (see Exercise 9). 


8.62 Example orthonormal bases 


e Forn € Zt andk € {1,...,n}, let e, be the element of F” all of whose 
coordinates are 0 except the k™ coordinate, which is 1: 


ep = (0,...,0,1,0,...,0). 
Then {ek }ke{1,...n} is an orthonormal basis of F”. 
_). Then 


V3’ V3" 5) e2 ( V2’ 33/0), and e3 (3 Je’ Tz) 
e is an orthonormal basis of FE, as you should verify. 
kSkE{1,2,3} y y 


e Let e = ( 


e The first three bullet points in 8.51 are examples of orthonormal families that are 
orthonormal bases. The exercises ask you to verify that we have an orthonormal 
basis in the first and second bullet points of 8.51. For the third bullet point 
(trigonometric functions), see Exercise 11 in Section 10D or see Chapter 11. 


The next result shows why orthonormal bases are so useful—a Hilbert space with 
an orthonormal basis {ex }ķer behaves like (7 (T). 


8.63 Parseval’s identity 


Suppose {e,}xer is an orthonormal basis of a Hilbert space Vand f,g € V. Then 


(a) f=} (freer: 


keT 


O) (fs) = oer) een): 


keT 


© IA = EIS el. 


keT 


Proof The equation in (a) follows immediately from 8.58(b) and the definition of an 
orthonormal basis. 
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To prove (b), note that 


Equation (c) is called Parseval’s 


identity in honor of Marc-Antoine 
F8) = ( L (fr er)ek g ) Parseval (1755-1836), who 
= discovered a special case in 1799. 


= } (frek) (eed) 


keT 


= } (frek) (ge), 


keT 


where the first equation follows from (a) and the second equation follows from the 
definition of an unordered sum and the Cauchy—Schwarz inequality. 
Equation (c) follows from setting g = f in (b). An alternative proof: equation (c) 
follows from 8.54(b) and the equation f = } (f,e,)e, from (a). 
keT 


Gram—Schmidt Process and Existence of Orthonormal Bases 


8.64 Definition separable 


A normed vector space is called separable if it has a countable subset whose 
closure equals the whole space. 


8.65 Example separable normed vector spaces 


e Suppose n € Z*. Then F” with the usual Hilbert space norm is separable 
because the closure of the countable set 


{(C1,-++/€n) E€ F” : each cj is rational} 


equals F” (in case F = C: to say that a complex number is rational in this 
context means that both the real and imaginary parts of the complex number are 
rational numbers in the usual sense). 


e The Hilbert space l? is separable because the closure of the countable set 
U {(c1,.--,€n,0,0,...) € É: each c; is rational } 
n=1 


is C2. 


e The Hilbert spaces L? ([0,1]) and L? (R) are separable, as Exercise 13 asks you 
to verify [hint: consider finite linear combinations with rational coefficients of 


functions of the form x (cd) where c and d are rational numbers]. 
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A moment’s thought about the definition of closure (see 6.7) shows that a normed 
vector space V is separable if and only if there exists a countable subset C of V such 
that every open ball in V contains at least one element of C. 


8.66 Example nonseparable normed vector spaces 


e Suppose I is an uncountable set. Then the Hilbert space £ (T) is not separable. 
To see this, note that IX — Xgl = y2 for all j,k € T with j Æ k. Hence 


{Blix 2) sk ET} 


is an uncountable collection of disjoint open balls in (LT); no countable set can 
have at least one element in each of these balls. 


e The Banach space L®((0,1]) is not separable. Here lxo J7 Xios || = 1 for all 
s,t € [0,1] with s Æ t. Thus 


1 
{B(x 2) : £ € 101]} 
is an uncountable collection of disjoint open balls in L® ([0,1]). 


We present two proofs of the existence of orthonormal bases of Hilbert spaces. 
The first proof works only for separable Hilbert spaces, but it gives a useful algorithm, 
called the Gram—Schmidt process, for constructing orthonormal sequences. The 
second proof works for all Hilbert spaces, but it uses a result that depends upon the 
Axiom of Choice. 

Which proof should you read? In practice, the Hilbert spaces you will encounter 
will almost certainly be separable. Thus the first proof suffices, and it has the 
additional benefit of introducing you to a widely used algorithm. The second proof 
uses an entirely different approach and has the advantage of applying to separable 
and nonseparable Hilbert spaces. For maximum learning, read both proofs! 


8.67 existence of orthonormal bases for separable Hilbert spaces 


Every separable Hilbert space has an orthonormal basis. 


Proof Suppose V is a separable Hilbert space and { f1, fo,...} is a countable subset 
of V whose closure equals V. We will inductively define an orthonormal sequence 
{ek}kez+ such that 


8.68 span{ f1,...,fn} C span{er,...,en} 


for each n € Z*. This will imply that span{e;},ez+ = V, which will mean that 
{ex}kez+ is an orthonormal basis of V. 
To get started with the induction, set e4 = f;/|| fi || (we can assume that f; 4 0). 
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Now suppose n € Z* and e1,. . . , en have been chosen so that {ek }ke{1,...n} IS 
an orthonormal family in V and 8.68 holds. If fg € span{e1,..., €n} for every 
k € Z*, then {ep }ķe {1,...n} 18 an orthonormal basis of V (completing the proof) and 
the process should be stopped. Otherwise, let m be the smallest positive integer such 
that 


8.69 fm É span{ey,...,en}. 
Define e;,41 by 


a fin — (fins €1)e1 — +++ — (fm, €nyen 
ip || fin = (fins €1)e1 pa (fmren)enl| 


Clearly ||en+1|| = 1 (8.69 guaran- 
tees there is no division by 0). If 
k € {1,...,n}, then the equation above 
implies that (e,41,e,) = 0. Thus 
{ek}ke{1,...n+1} İS an orthonormal fam- 
ily in V. Also, 8.68 and the choice of m 
as the smallest positive integer satisfying 
8.69 imply that 


8.70 


Jorgen Gram (1850-1916) and 
Erhard Schmidt (1876-1959) 


popularized this process that 
constructs orthonormal sequences. 


span{fi,..-,fnasi} C span{es,...,en41}, 
completing the induction and completing the proof. 
Before considering nonseparable Hilbert spaces, we take a short detour to illustrate 
how the Gram-Schmidt process used in the previous proof can be used to find closest 


elements to subspaces. We begin with a result connecting the orthogonal projection 
onto a closed subspace with an orthonormal basis of that subspace. 


8.71 orthogonal projection in terms of an orthonormal basis 


Suppose that U is a closed subspace of a Hilbert space Vand {e;,};er is an 
orthonormal basis of U. Then 


Puf = ) (fr ex)ex 


keT 


for all f € V. 


Proof Let f € V. Ifk €T, then 


8.72 (Fer) = (f — Pufs ek) + (Puf ex) = (Puf, ek)» 
where the last equality follows from 8.37(a). Now 
Puf = } (Puf erjek = }_ (f, er)er 
keT keT 


where the first equality follows from Parseval’s identity [8.63(a)] as applied to U and 
its orthonormal basis {e,},er, and the second equality follows from 8.72. 


248 Chapter 8 Hilbert Spaces 


8.73 Example best approximation 


Find the polynomial g of degree at most 10 that minimizes 


f VE -sf ax 


Solution We will work in the real Hilbert space L?([—1, 1]) with the usual inner 
product (g, h) = ie gh. Fork € {0,1,...,10}, let fg € L?([-1,1]) be defined by 
f(x) = x*. Let U be the subspace of L?({—1,1]) defined by 


U = span{ fx }ke{o,...,10}- 


Apply the Gram-Schmidt process from the proof of 8.67 to {fk }ke {0,...,10}> PTO- 
ducing an orthonormal basis {e;};¢ {o,...10} Of U, which is a closed subspace of 
L? ([—1, 1]) (see Exercise 8). The point here is that {ex };<fo, .., 19} can be computed 
explicitly and exactly by using 8.70 and evaluating some integrals (using software that 
can do exact rational arithmetic will make the process easier), getting e9(x) = 1 /V2, 


e1(x) = V6x/2,... up to 


42 
elx) = = (—63 + 3465x? — 30030x* + 90090x° — 109395x° + 46189x!°), 


Define f € L?({[—1,1]) by f(x) = ,/|x]. Because U is the subspace of 
L*([-1,1]) consisting of polynomials of degree at most 10 and Pf equals the 
element of U closest to f (see 8.34), the formula in 8.71 tells us that the solution g to 
our minimization problem is given by the formula 


g=} (frere 


10 
k=0 


Using the explicit expressions for e€ọ, . . . , €10 and again evaluating some integrals, 
this gives 


693 + 15015x? — 64350x* + 139230x° — 138567x8 + 51051x19 
g(x) = 2944 i 


The figure here shows the graph of 1+ 
f(x) = \/]x| (red) and the graph of 
its closest polynomial g (blue) of de- 
gree at most 10; here closest means as 
measured in the norm of L?({—1,1]). 

The approximation of f by g is 
pretty good, especially considering 
that f is not differentiable at 0 and thus 
a Taylor series expansion for f does -= 
not make sense. 
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Recall that a subset I of a set V can be thought of as a family in V by considering 
{e f} fer» Where er = f. With this convention, a subset I of an inner product space 
V is an orthonormal subset of V if ||f|| = 1 for all f € T and (f, g) = 0 for all 
f,& ET with f #2. 

The next result characterizes the orthonormal bases as the maximal elements 
among the collection of orthonormal subsets of a Hilbert space. Recall that a set 
T € Ain a collection of subsets of a set V is a maximal element of A if there does 
not exist I’ € A such that T G T” (see 6.55). 


8.74 orthonormal bases as maximal elements 


Suppose V is a Hilbert space, A is the collection of all orthonormal subsets of V, 


and T is an orthonormal subset of V. Then T is an orthonormal basis of V if and 
only if T is a maximal element of A. 


Proof First suppose T is an orthonormal basis of V. Parseval’s identity [8.63(a)] 
implies that the only element of V that is orthogonal to every element of T is 0. Thus 
there does not exist an orthonormal subset of V that strictly contains I. In other 
words, I is a maximal element of A. 
To prove the other direction, suppose now that T is a maximal element of A. Let 
U denote the span of I. Then 
ut ={0} 


because if f is a nonzero element of U+, then T U {f/||f ||} is an orthonormal subset 
of V that strictly contains T. Hence U = V (by 8.42), which implies that T is an 
orthonormal basis of V. 


Now we are ready to prove that every Hilbert space has an orthonormal basis. 
Before reading the next proof, you may want to review the definition of a chain (6.58), 
which is a collection of sets such that for each pair of sets in the collection, one of 
them is contained in the other. You should also review Zorn’s Lemma (6.60), which 
gives a way to show that a collection of sets contains a maximal element. 


8.75 existence of orthonormal bases for all Hilbert spaces 


Every Hilbert space has an orthonormal basis. 


Proof Suppose V is a Hilbert space. Let A be the collection of all orthonormal 
subsets of V. Suppose C C A is a chain. Let L be the union of all the sets in C. If 
f € L, then ||f|| = 1 because f is an element of some orthonormal subset of V that 
is contained in C. 

If f,g € L with f Æ g, then there exist orthonormal subsets Q and T in C such 
that f € Q and g € T. Because C is a chain, either Q C TF or T C Q. Either way, 
there is an orthonormal subset of V that contains both f and g. Thus (f, g) = 0. 

We have shown that L is an orthonormal subset of V; in other words, L € A. 
Thus Zorn’s Lemma (6.60) implies that A has a maximal element. Now 8.74 implies 
that V has an orthonormal basis. 
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Riesz Representation Theorem, Revisited 


Now that we know that every Hilbert space has an orthonormal basis, we can give a 
completely different proof of the Riesz Representation Theorem (8.47) than the proof 
we gave earlier. 

Note that the new proof below of the Riesz Representation Theorem gives the 
formula 8.77 for h in terms of an orthonormal basis. One interesting feature of this 
formula is that A is uniquely determined by ¢ and thus h does not depend upon the 
choice of an orthonormal basis. Hence despite its appearance, the right side of 8.77 
is independent of the choice of an orthonormal basis. 


8.76 Riesz Representation Theorem 


Suppose @ is a bounded linear functional on a Hilbert space V and {ex }ķer is an 
orthonormal basis of V. Let 


8.77 h = }_ p(ex)ek. 
ker 


Then 
8.78 p(f) = (f,h) 


for all f € V. Furthermore, || g|| = (Ckerl ¢(ex)| 


Te 


Proof First we must show that the sum defining h makes sense. To do this, suppose 
QO is a finite subset of I. Then 
1/2 


Vlei? = e( £ oee) < lal |E oee = lel Zleep) 
jEQ FEO. jEQ jEQ 


1/2 
where the last equality follows from 8.52. Dividing by (Zien |p(e;) 2) gives 


2 1/2 
(Clee?) < lel 
jEQ 
Because the inequality above holds for every finite subset Q of I’, we conclude that 


Yl ele)? < llell. 
ker 


Thus the sum defining h makes sense (by 8.54) in equation 8.77. 
Now 8.77 shows that (h,e;) = (ej) for each j € T. Thus if f € V then 


olf) = (LC eder) = L Fedele) = Eee = (fh), 


keT keT 


where the first and last equalities follow from 8.63 and the second equality follows 
from the boundedness/continuity of g. Thus 8.78 holds. 
Finally, the Cauchy—Schwarz inequality, equation 8.78, and the equation g(h) = 


1/2 
(h, h) show that || p|| = |||| = (eerlp(er)|?) ^. 
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EXERCISES 8C 


1 Verify that the family {e,},¢z as defined in the third bullet point of Example 
8.51 is an orthonormal family in L? ((- T, r]). The following formulas should 
help: 


sin(x +y) +sin(x — y) 


(sin x) (cosy) = 5 ; 
_ cos(x — y) — cos(x + y) 
(sin x) (sin y) 5 ‘ 
ieee = cos(x +y) a — y) 


2 Suppose {aņ}ķer is a family in R and a, > 0 for each k € T. Prove the 
unordered sum } ķer a, converges if and only if 


sup{ L aj : Q is a finite subset ofT} < œ. 
jeO 
Furthermore, prove that if } yer a; converges then it equals the supremum above. 


3 Suppose {e;},er is an orthonormal family in an inner product space V. Prove 
that if f € V, then {k ET: (f,e,) #0} is a countable set. 


4 Suppose {fp}ker and {¢%}xep are families in a normed vector space such that 
Veer fk and Ver gx converge. Prove that Pper (fe + gx) converges and 


esd) = ft} ge 


keT keT keT 


5 Suppose {fk}ķer is a family in a normed vector space such that ) per fk con- 
verges. Prove that if c € F, then );er(cf,) converges and 


ih =e) fe 


keT keT 


6 Suppose {a,},er is a family in R. Prove that the unordered sum Yzer ax 
converges if and only if $ perlap| < œ. 


7 Suppose {fk}kez+ is a family in a normed vector space. Prove that the un- 
ordered sum } kez+ fk converges if and only if the usual ordered sum } g4 folk) 
converges for every injective function p: Zt > Zt. 


8 Explain why 8.58 implies that if T is a finite set and {e;, }ķer is an orthonormal 
family in a Hilbert space V, then span{ex}ķer is a closed subspace of V. 


9 Suppose V is an infinite-dimensional Hilbert space. Prove that there does not 
exist a basis of V that is an orthonormal family. 
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10 


11 


12 


13 


14 
15 


16 


17 


18 
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(a) Show that the orthonormal family given in the first bullet point of Exam- 
ple 8.51 is an orthonormal basis of 07. 


(b) Show that the orthonormal family given in the second bullet point of Exam- 
ple 8.51 is an orthonormal basis of # (T). 


(c) Show that the orthonormal family given in the fourth bullet point of Exam- 
ple 8.51 is not an orthonormal basis of L? ({0,1)). 


(d) Show that the orthonormal family given in the fifth bullet point of Exam- 
ple 8.51 is not an orthonormal basis of L?(R). 


Suppose y is a -finite measure on (X, S) and v is a -finite measure on (Y, T). 
Suppose also that {e;} jeo is an orthonormal basis of L? (u) and { fk }eer is an 


orthonormal basis of L?(v). For j € Q and k € T, define gik: X x Y + F by 


giy) = elx) fry). 
Prove that {8g} k} jeo, ker is an orthonormal basis of L?(u xv). 


Prove the converse of Parseval’s identity. More specifically, prove that if {e,},er 
is an orthonormal family in a Hilbert space V and 


fll? = Vf en)? 


keT 
for every f € V, then {ex }ker is an orthonormal basis of V. 


(a) Show that the Hilbert space L?([0, 1]) is separable. 
(b) Show that the Hilbert space L? (R) is separable. 


(c) Show that the Banach space £% is not separable. 
Prove that every subspace of a separable normed vector space is separable. 


Suppose V is an infinite-dimensional Hilbert space. Prove that there does not 
exist a translation invariant measure on the Borel subsets of V that assigns 
positive but finite measure to each open ball in V. 

[A subset of V is called a Borel set if it is in the smallest o-algebra containing 
all the open subsets of V. A measure y on the Borel subsets of V is called 
translation invariant if w(f + E) = u (E) for every f € V and every Borel set 
E of VJ 


1 
Find the polynomial g of degree at most 4 that minimizes f ie — g(x) |? dx. 
0 


Prove that each orthonormal family in a Hilbert space can be extended to 
an orthonormal basis of the Hilbert space. Specifically, suppose {ej} je is 
an orthonormal family in a Hilbert space V. Prove that there exists a set T 
containing Q and an orthonormal basis { fy }ķer of V such that Íi = e; for every 
pea. 


Prove that every vector space has a basis. 


19 
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Find the polynomial g of degree at most 4 such that 


fa) = [fs 


for every polynomial f of degree at most 4. 


Exercises 20-25 are for readers familiar with analytic functions. 


20 


21 


22 


Suppose G is a nonempty open subset of C. The Bergman space L2(G) is 
defined to be the set of analytic functions f : G —> C such that 


in |f|? dà2 < 00, 


where A is the usual Lebesgue measure on RÊ, which is identified with C. For 
f,h € L(G), define (f,h) to be fo fh dag. 


(a) Show that L2(G) is a Hilbert space. 


(b) Show that if w € G, then f ++ f(w) is a bounded linear functional on 
L(G). 


Let D denote the open unit disk in C; thus 
D={zeC:j|z|<1}. 


(a) Find an orthonormal basis of L2 (D). 
(b) Suppose f € L2(D) has Taylor series 


fe) = Vay 
k=0 


for z € D. Find a formula for || f|| in terms of a9,41,a2,.... 


(c) Suppose w € D. By the previous exercise and the Riesz Representation 
Theorem (8.47 and 8.76), there exists Tw € L2(D) such that 


f(w) = (f,Tw) for all f € L?(D). 
Find an explicit formula for I'w. 
Suppose G is the annulus defined by 
G={zEC:1<|z|<2}. 


(a) Find an orthonormal basis of L2 (G). 
(b) Suppose f € L2(G) has Laurent series 


f= E az 


k=—oo 


for z € G. Find a formula for || f|| in terms of ...,a_1,49,41,.... 
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23 Prove that if f € L2(D \ {0}), then f has a removable singularity at 0 (meaning 
that f can be extended to a function that is analytic on D). 


24 The Dirichlet space D is defined to be the set of analytic functions f: D —> C 
such that 


I If"? daz < o. 


For f,g € D, define (f, g) to be f (0)g(0) + fp f’ 9” dà2. 

(a) Show that D is a Hilbert space. 

(b) Show that if w € D, then f +» f (w) is a bounded linear functional on D. 
(c) Find an orthonormal basis of D. 


(d) Suppose f € D has Taylor series 
f(z) =} az 
k=0 


for z € D. Find a formula for ||f || in terms of ao, 41,42,... . 


(e) Suppose w € D. Find an explicit formula for l'w € D such that 


f(w) = (f, Tw) forall f € D. 


25 (a) Prove that the Dirichlet space D is contained in the Bergman space L2(D). 


(b) Prove that there exists a function f € L?(D) such that f is uniformly 
continuous on D and f ¢ D. 
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Chapter 9 


A measure is a countably additive function from a g-algebra to [0, oo]. In this chapter, 
we consider countably additive functions from a g-algebra to either R or C. The first 
section of this chapter shows that these functions, called real measures or complex 
measures, form an interesting Banach space with an appropriate norm. 

The second section of this chapter focuses on decomposition theorems that help 
us understand real and complex measures. These results will lead to a proof that the 
dual space of L? (u) can be identified with L?’(j:). 


Dome in the main building of the University of Vienna, where Johann Radon 
(1887-1956) was a student and then later a faculty member. The Radon—Nikodym 
Theorem, which will be proved in this chapter using Hilbert space techniques, 
provides information analogous to differentiation for measures. 
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9A Total Variation 


Properties of Real and Complex Measures 


Recall that a measurable space is a pair (X, S), where S is a v-algebra on X. Recall 
also that a measure on (X, S) is a countably additive function from S to [0,09] that 
takes © to 0. Countably additive functions that take values in R or C give us new 
objects called real measures or complex measures. 


9.1 Definition real and complex measures 


Suppose (X,S) is measurable space. 


e A function v: S —> F is called countably additive if 


U Ex) = Xu v(Ex) 


for every disjoint sequence E4, Eo,... of sets in S. 
e A real measure on (X,S) is a countably additive function v: S > R. 


e A complex measure on (X, S) is a countably additive function v: S > C. 


The word measure can be ambiguous 
in the mathematical literature. The most 
common use of the word measure is as 
we defined it in Chapter 2 (see 2.54). 
However, some mathematicians use the 
word measure to include what are here 
called real and complex measures; they 
then use the phrase positive measure to 
refer to what we defined as a measure in 
2.54. To help relieve this ambiguity, in this chapter we usually use the phrase 
(positive) measure to refer to measures as defined in 2.54. Putting positive in paren- 
theses helps reinforce the idea that it is optional while distinguishing such measures 
from real and complex measures. 


The terminology nonnegative 
measure would be more appropriate 
than positive measure because the 
function u: S — F defined by 


H(E) = Ofor every E € S isa 
positive measure. However, we will 
stick with tradition and use the 
phrase positive measure. 


9.2 Example real and complex measures 


e Let A denote Lebesgue measure on [—1,1]. Define v on the Borel subsets of 
[-1, 1] by 
v(E) = A(EN([0,1]) —A(EN[-1,0)). 


Then v is a real measure. 


e If and u2 are finite (positive) measures, then 41 — 42 is a real measure and 
&1 41 + X22 is a complex measure for all «1, &2 € C. 


e If vis a complex measure, then Re v and Im v are real measures. 
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Note that every real measure is a complex measure. Note also that by definition, 
œ is not an allowable value for a real or complex measure. Thus a (positive) measure 
u on (X, S) is a real measure if and only if p(X) < œ. 

Some authors use the terminology signed measure instead of real measure; some 
authors allow a real measure to take on the value co or —oo (but not both, because the 
expression co — oo must be avoided). However, real measures as defined here serve 
us better because we need to avoid +00 when considering the Banach space of real 
or complex measures on a measurable space (see 9.18). 

For (positive) measures, we had to make (©) = 0 part of the definition to avoid 
the function y that assigns œ to all sets, including the empty set. But oo is not an 
allowable value for real or complex measures. Thus v(®) = 0 is a consequence of 
our definition rather than part of the definition, as shown in the next result. 


9.3 absolute convergence for a disjoint union 


Suppose v is a complex measure on a measurable space (X, S). Then 


(a) v(@) =0; 


(e0) 
(b) }_|v(Ek)| < œ for every disjoint sequence E1, E2, . . . of sets in S. 
k=l 


Proof To prove (a), note that Ø, Ø, ... is a disjoint sequence of sets in S whose 
union equals Ø. Thus 


The right side of the equation above makes sense as an element of R or C only when 
v(©) = 0, which proves (a). 

To prove (b), suppose E4, E2, . . . is a disjoint sequence of sets in S. First suppose 
v is a real measure. Thus 


( U B= E = E El 


{k:v(E,)>0} {k:v(E,)>0} {k:v(E,)>0} 


and 


-( U Ę&)=- E w= E WE 


{k:v(E,) <0} {k:v(Ex) <0} {k:v(E,) <0} 


Because v(E) € R for every E € S, the right side of the last two displayed equations 
is finite. Thus )°° ,|v(E;)| < œ, as desired. 
Now consider the case where v is a complex measure. Then 


3 


ÈMEDI < È ((Rev)(Ee| + |v) (EN) < oe 


where the last inequality follows from applying the result for real measures to the 
real measures Re v and Im v. 
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The next definition provides an important class of examples of real and complex 
measures. 


9.4 measure determined by an C'-function 


Suppose y is a (positive) measure on a measurable space (X, S) and h € L1(y). 
Define v: S + F by 


= | hduy. 
[han 


Then v is a real measure on (X, S) if F = R and is a complex measure on (X, S) 
ie 1 == (C, 


Proof Suppose E4, E2,... is a disjoint sequence of sets in S. Then 


95 (UE) = (Ča nD) dua) = È f zaide = È vE, 


where the first equality holds because the sets E4, E2, . . . are disjoint and the second 
equality follows from the inequality 


h(x)| < a(x), 


which along with the assumption that h € £1 (1) allows us to interchange the integral 
and limit of the partial sums by the Dominated Convergence Theorem (3.31). 
The countable additivity shown in 9.5 means v is a real or complex measure. 


The next definition simply gives a notation for the measure defined in the previous 


result. In the notation that we are about to define, the symbol d has no separate 
meaning—it functions to separate h and p. 


9.6 Definition h dy 


Suppose p is a (positive) measure on a measurable space (X, S) and h € £1 (u). 
Then h dy is the real or complex measure on (X, S) defined by 


(h du) (E )= f nap. 


Note that if a function h € £1(p) takes values in [0,00), then h dy is a finite 
(positive) measure. 

The next result shows some basic properties of complex measures. No proofs 
are given because the proofs are the same as the proofs of the corresponding results 
for (positive) measures. Specifically, see the proofs of 2.57, 2.61, 2.59, and 2.60. 
Because complex measures cannot take on the value œo, we do not need to worry 
about hypotheses of finite measure that are required of the (positive) measure versions 
of all but part (c). 
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9.7 properties of complex measures 


Suppose v is a complex measure on a measurable space (X, S). Then 


(a) v(E\ D) = v(E) —v(D) forall D,E € S with D C E; 


(b) v(DU E) = v(D) +v(E) vi N E) for all D,E € S; 


Ep) = lim v(E 
(c) (U k) = lim v(Ex) 
k=1 
for all increasing sequences E4 C Ep C --- of sets in S; 


v( fN Ex) = lim v(E 
ME jim v(Ex) 
k=l 
for all decreasing sequences E1 D E2 D --- of sets in S. 


Total Variation Measure 


We use the terminology total variation measure below even though we have not 
yet shown that the object being defined is a measure. Soon we will justify this 
terminology (see 9.11). 


9.8 Definition total variation measure 


Suppose v is a complex measure on a measurable space (X, S). The total 
variation measure is the function |v|: S — [0,00] defined by 


|v|(E) = sup{|v(E,)| +--+ +|v(En)| : n € Z* and Ej,...,En 


are disjoint sets in S such that E4 U--- UE, C EY 


To start getting familiar with the definition above, you should verify that if v is a 
complex measure on (X, S) and E € S, then 


e |v(E)| < [v|(E); 
e |v|(E) = v (E) if v is a finite (positive) measure; 
e |v|(E) = 0 if and only if v(A) = 0 for every A € S such that A C E. 


The next result states that for real measures, we can consider only n = 2 in the 
definition of the total variation measure. 


9.9 total variation measure of a real measure 


Suppose v is a real measure on a measurable space (X, S) and E € S. Then 


\v|(E) = sup{|v(A)| + |v(B)| : A, B are disjoint sets in S and A U B C E}. 
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Proof Suppose that n € Z* and Ej,...,En are disjoint sets in S such that 
E1 U---UE, C E. Let 


A= U E, and B= U Ex. 
{k:v(E,)>0} {k:v(E,) <0} 


Then A, B are disjoint sets in S and A U B C E. Furthermore, 
|V(A)| + |v(B)| = WE) +--+ + [v(En)I- 


Thus in the supremum that defines |v|(E), we can take n = 2. 


The next result could be rephrased as stating that if h € £! (u), then the total 
variation measure of the measure h dy is the measure |h| dy. In the statement below, 
the notation dv = h du means the same as v = h dy; the notation dv is commonly 
used when considering expressions involving measures of the form h dy. 


9.10 total variation measure of h du 


Suppose j is a (positive) measure on a measurable space (X, S), h € L(y), 
and dv = h dy. Then 


vŒ) = f Wel dy 


for every E € S. 


Proof Suppose that E € S. If E4,...,En is a disjoint sequence in S such that 
E1 U --- U En C E, then 


n n n 
LWE) = Lf man] < X, f aldu < findu. 
k=1 k=1 "Ek k=1 7 Ex E 


The inequality above implies that |v|(E) < [7,|h| dy. 
To prove the inequality in the other Pei first suppose F = R; thus his a 
real-valued function and v is a real measure. Let 


A={xeE:h(x)>0} and B={x€ E: h(x) <0}. 


Then A and B are disjoint sets in S and AU B C E. We have 


lv(A)| + |v(B)| = f ndu- fondu = f In\ap. 


Thus |v|(E) > J;|4| du, completing the proof in the case F = R. 

Now ae F = C; thus v is a complex measure. Let € > 0. There exists a 
simple function g € L! (p) such that ||g —h||, < e (by 3.44). There exist disjoint 
sets Ey,...,E, € S and cy,...,Cy € C such that E1 U--- U En C E and 


n 
gle = Lo ix, 
1 
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Now 
n 
YE = $| f, ray 
k=1 k=1 “Ek 
n 
> D| f. san] - X| f, (8—1) an! 
k=1 “Ek k=1 “ Ek 
n n 
= DileelH(Ex) — dy | (s — hi) dy! 
k=1 k=1 "Ek 
n 
=) g| du — wi (s — h) dy 
E k=1 "Ek 
n 
> fig du — EI Ig — h| du 
£ k=1 "Ek 
> | |h| dyu — 2e. 
> findu 
The inequality above implies that S ) > fplh| du — 2e. Because e is an arbitrary 
positive number, this implies |v|(E) > ', gl4| du, completing the proof. 


Now we justify the terminology total variation measure. 


9.11 total variation measure is a measure 


Suppose v is a complex measure on a measurable space (X, S). Then the total 
variation function |v| is a (positive) measure on (X, S). 


Proof The definition of |v| and 9.3(a) imply that |v| (Ø) = 0. 

To show that |v| is countably additive, suppose Aj, A2, . . . are disjoint sets in S. 
Fix m € Z”. For each k € {1,...,m}, suppose E1 k- - -, Ey, k are disjoint sets in S 
such that 


9.12 Eik U...U Engk C Ax. 


Then {Ejx :1<k<mand1 < j < ng} is a disjoint collection of sets in S that 
are all contained in U4 Az. Hence 


EDE Ejx)| < "(Ù Ak): 


Taking the supremum of the left side of the inequality above over all choices of {E jk? 
satisfying 9.12 shows that 


L(a < WI(U Ay): 


Because the inequality above holds for all m € Z*, we have 


Llay < WI(U Ay): 
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To prove the inequality above in the other direction, suppose E1,...,E, € S are 
disjoint sets such that E1 U---U En C Uf, Ag. Then 


Elle) > Y EWEN Ay) 
k=1 =1 j= 


k=1 j=1 


= YEN Ay 


2 v(E; N Ak) 


where the first line above follows from the definition of |v|(A,) and the last line 
above follows from the countable additivity of v. 
The inequality above and the definition of |v| (U2, Ax) imply that 


Loy 2 Mi(U 4x): 


completing the proof. 


The Banach Space of Measures 


In this subsection, we make the set of complex or real measures on a measurable 
space into a vector space and then into a Banach space. 


Suppose (X, S) is a measurable space. For complex measures v, u on (X, S) 


and w € F, define complex measures v + p and wv on (X, S) by 


(v +p)(E) = v(E)+u(E) and (av)(E) = a(v(E)). 


You should verify that if v, 4, and w are as above, then v + y and av are complex 
measures on (X,S). You should also verify that these natural definitions of addition 
and scalar multiplication make the set of complex (or real) measures on a measurable 
space (X,S) into a vector space. We now introduce notation for this vector space. 


Suppose (X, S) is a measurable space. Then Mp(S) denotes the vector space 
of real measures on (X,S) if F = R and denotes the vector space of complex 
measures on (X, S) if F = C. 
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We use the terminology total variation norm below even though we have not yet 
shown that the object being defined is a norm (especially because it is not obvious 
that ||v|| < co for every complex measure v). Soon we will justify this terminology. 


9.15 Definition total variation norm of a complex measure 


Suppose v is a complex measure on a measurable space (X,S). The total 


variation norm of v, denoted ||v||, is defined by 


IIvll = |vl(X). 


9.16 Example total variation norm 
e If ņ is a finite (positive) measure, then ||j:|| = u (X), as you should verify. 


e If jis a (positive) measure, h € £L'(p), and dv = h dy, then ||v|| = ||/|\1 (as 
follows from 9.10). 


The next result implies that if v is a complex measure on a measurable space 
(X,S), then |v|(E) < œ for every E € S. 


9.17 total variation norm is finite 


Suppose (X, S) is a measurable space and v E€ M,(S). Then ||v|| < œ. 


Proof First consider the case where F = R. Thus v is a real measure on (X, S). To 
begin this proof by contradiction, suppose ||v|| = |v|(X) = œ. 

We inductively choose a decreasing sequence Ey D E1 D E? D--- of sets in S 
as follows: Start by choosing Eọ = X. Now suppose n > 0 and E, € S has been 
chosen with |v|(En) = œ and |v (En)| > n. Because |v|(En) = œ, 9.9 implies that 
there exists A € S such that A C Ey and |v(A)| > n+1+ |v(E,)|, which implies 
that 

Iv(En \ A)| = [v(En) — (A)| > (A)| — [v(En)| > n $1. 
Now 
|v|(A) + |v|(En \ A) = [v| (En) = œ 
because the total variation measure |v] is a (positive) measure (by 9.11). The equation 
above shows that at least one of |v|(A) and |v|(E, \ A) is œ. Let Ep41 =A 
if |v|(A) = œ and let Ep41 = E,\A if |v|(A) < œ. Thus En D E,44, 
\v|(En41) = œ, and |v(Ej41)| >n+1. 

Now 9.7(d) implies that v(N En) = limy+oo v (En). However, |v(E;,)| > n 
for each n € Z*, and thus the limit in the last equation does not exist (in R). This 
contradiction completes the proof in the case where v is a real measure. 

Consider now the case where F = C; thus v is a complex measure on (X, S). 
Then 


Iv|(X) < [Rev|(X) + [Imv|(X) < oo, 


where the last inequality follows from applying the real case to Re v and Imv. 
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The previous result tells us that if (X, S) is a measurable space, then ||v|| < co 
for all v € Mg(S). This implies (as the reader should verify) that the total variation 
norm ||-|| is a norm on Mg(S). The next result shows that this norm makes Mg (S) 
into a Banach space (in other words, every Cauchy sequence in this norm converges). 


9.18 the set of real or complex measures on (X, S) is a Banach space 


Suppose (X, S) is a measurable space. Then M,(S) is a Banach space with the 
total variation norm. 


Proof Suppose v1,V2,... is a Cauchy sequence in Mp(S). For each E € S, we 
have 


|vj(E) — ve(E)| = |(yj — ve) (E)| 
< |v; — | (E) 
< |lv; — vel]. 


Thus v;(E),v2(E),...is a Cauchy sequence in F and hence converges. Thus we can 
define a function v: S + F by 


v(E) = lim 1,(E). 


j>% J 


To show that v € Mg(S), we must verify that v is countably additive. To do this, 
suppose E1, E2, .. . is a disjoint sequence of sets in S. Let e > 0. Let m € Z* be 
such that 


9.19 Vi - Yl] <e for all j,k >m. 


If n € Z* is such that 


9.20 >" |vm(Ex)| < € 
k=n 


[such an n exists by applying 9.3(b) to vm] and if j > m, then 


Yo lyj(Ex)| < YON (yj — vm) (Ex)| + YC vm (Ex) | 
k=n k=n k=n 
< Lly — Vm| (Ex) +€ 
k=n 
= |v; = vm|( U Ex) +e 
k=n 
9.21 < 2e, 


where the second line uses 9.20, the third line uses the countable additivity of the 
measure |v; — Vm | (see 9.11), and the fourth line uses 9.19. 
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If e and n are as in the paragraph above, then 


(UR) - Dr (Eo| = [pm y (Ù £) - tim Z (0) 


J>% k=1 
= = nj; Eui (Ex) | 
S - 


where the second line uses the countable additivity of the measure v; and the third line 
uses 9.21. The inequality above implies that v(U¢_, Ex) = Lp v (Ex), completing 
the proof that v € M,(S). 


We still need to prove that limy_,..||v — vg|| = 0. To do this, suppose € > 0. Let 
m € Z* be such that 


9.22 Vi — Vel] <e for all j,k >m. 


Suppose k > m. Suppose also that E4, . .., En € S are disjoint subsets of X. Then 


n 


Liv — ve) (Eo)| = im D0 =w Eo) =n 
=] 


l=1 


where the last inequality follows from 9.22 and the definition of the total variation 
norm. The inequality above implies that ||v — v;|| < £, completing the proof. 


EXERCISES 9A 


1 Prove or give a counterexample: If v is a real measure on a measurable 
space (X,S) and A,B € S are such that v(A) > 0 and v(B) > 0, then 
v(AUB) >0. 


2 Suppose v is areal measure on (X, S). Define y: S — [0,00) by 
H(E) = [v (E). 


Prove that ji is a (positive) measure on (X, S) if and only if the range of v is 
contained in [0, 00) or the range of v is contained in (—oo, 0]. 


3 Suppose v is a complex measure on a measurable space (X, S). Prove that 
|v|(X) = v(X) if and only if v is a (positive) measure. 


4 Suppose v is a complex measure on a measurable space (X, S). Prove that if 
E € S then 


|v|(E) = sup{ X |v(Ex)| : E1, E2,... is a disjoint sequence in S 
k=1 


such that E = U Bh 
k=1 
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Suppose p is a (positive) measure on a measurable space (X, S) and h is a 
nonnegative function in £!(y). Let v be the (positive) measure on (X, S) 
defined by dv = h du. Prove that 


[fav f fray 


for all S-measurable functions f : X — [0,00]. 

Suppose (X, S, u) is a (positive) measure space. Prove that 
{hap : h € L'(p)} 

is a closed subspace of Mg (S). 


(a) Suppose B is the collection of Borel subsets of R. Show that the Banach 
space Mg(B) is not separable. 


(b) Give an example of a measurable space (X,S) such that the Banach space 
Mg(S) is infinite-dimensional and separable. 


Suppose t > 0 and A is Lebesgue measure on the o-algebra of Borel subsets of 
(0, t]. Suppose h: [0, t] — C is the function defined by 


h(x) = cos x + isin x. 
Let v be the complex measure defined by dv = h dÀ. 


(a) Show that ||v|| = t. 
(b) Show that if E4, E2, . . . is a sequence of disjoint Borel subsets of (0, t], then 


EE < + 
k=1 


[This exercise shows that the supremum in the definition of |v|({0,t]) is not 
attained, even if countably many disjoint sets are allowed.] 


Give an example to show that 9.9 can fail if the hypothesis that v is a real 
measure is replaced by the hypothesis that v is a complex measure. 


Suppose (X, S) is a measurable space with S Æ {Ø, X}. Prove that the total 
variation norm on Mpg(S) does not come from an inner product. In other 
words, show that there does not exist an inner product (-,-) on Mg(S) such 
that ||v|| = (v,v)!/2 for all v € Mg(S), where ||-|| is the usual total variation 
norm on M,(S). 


For (X, S) a measurable space and b € X, define a finite (positive) measure dy 


on (X,S) by 
1 ifbeE, 
6p(E) = 
0 ifb¢E 
forE€ S. 
(a) Show that if b,c € X, then ||d, + d,|| = 2. 


(b) Give an example of a measurable space (X, S) and b,c € X with b # c 
such that ||d, — d¢|| A 2. 
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9B Decomposition Theorems 


Hahn Decomposition Theorem 


The next result shows that a real measure on a measurable space (X, S) decomposes 
X into two disjoint measurable sets such that every measurable subset of one of these 
two sets has nonnegative measure and every measurable subset of the other set has 
nonpositive measure. 

The decomposition in the result below is not unique because a subset D of X with 
|v|(D) = 0 could be shifted from A to B or from B to A. However, Exercise 1 at 
the end of this section shows that the Hahn decomposition is almost unique. 


9.23 Hahn Decomposition Theorem 


Suppose v is a real measure on a measurable space (X, S). Then there exist sets 
A,B € S such that 


(a) AUB = X and AN B = Ø; 
(b) v(E) > 0 for every E € S with E C A; 


(c) v(E) < 0 for every E € S with E C B. 


9.24 Example Hahn decomposition 


Suppose y is a (positive) measure on a measurable space (X, S), h € L! (p) is 
real valued, and dv = h du. Then a Hahn decomposition of the real measure v is 
obtained by setting 


A={xeX:h(x)>0} and B={x Ee X:h(x) < O}. 
Proof of 9.23 Let 
a=sup{v(E):E€S}. 


Thus a < ||v|| < co, where the last inequality comes from 9.17. For each j € Zt, let 
Aj E £ be such that 


1 
9.25 v(Aj) > a- of 


Temporarily fix k € Z*. We will show by induction on n that ifn € Z* with 
n > k, then 


9.26 (U Aj) si by 


To get started with the induction, note that if n = k then 9.26 holds because in this 
case 9.26 becomes 9.25. Now for the induction step, assume that n > k and that 9.26 
holds. Then 
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n+1 n n 
(U Aj) = v(U Aj) +v(Anit) = v((U Aj) NAn41) 
jak j=k j=k 
= (0 £5) ea) 
n+1 1 


where the first line follows from 9.7(b) and the second line follows from 9.25 and 
9.26. We have now verified that 9.26 holds if n is replaced by n + 1, completing the 
proof by induction of 9.26. 

The sequence of sets Ag, Ay U Agyi, Ag U Akı U Apyo,-.. is increasing. Thus 
taking the limit as n — oo of both sides of 9.26 and using 9.7(c) gives 


ay 1 
9.27 v(U Aj) Re a 
j=k 
Now let ae 
A=) U4; 
k=1 j=k 


The sequence of sets Uja1 Aj, Uj» Aj,...is decreasing. Thus 9.27 and 9.7(d) imply 
that v(A) > a. The definition of a now implies that 


v(A) =a. 


Suppose E € S and E C A. Then v(A) = a > v(A\ E). Thus we have 
v(E) = v(A) — v(A \ E) = 0, which proves (b). 

Let B = X \ A; thus (a) holds. Suppose E € S and E C B. Then we have 
v(AU E) <a=v(A). Thus v(E) = v(A UE) — v(A) < 0, which proves (c). 


Jordan Decomposition Theorem 


You should think of two complex or positive measures on a measurable space (X,S) 
as being singular with respect to each other if the two measures live on different sets. 
Here is the formal definition. 


9.28 Definition singular measures 


Suppose v and y are complex or positive measures on a measurable space (X, S). 
Then v and y are called singular with respect to each other, denoted v L p, if 
there exist sets A, B € S such that 


e AUB = X and AN B = Ø; 


e v(E) =v(EN A) and (E) = (E A B) foral E € S. 
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9.29 Example singular measures 
Suppose À is Lebesgue measure on the c-algebra $ of Borel subsets of R. 
e Define positive measures v, j on (R, B) by 
v(E) = |EN (—œ,0)| and p(E) = |EN (2,3)| 


for E € B. Then v L y because v lives on (—co,0) and u lives on [0,00). 
Neither v nor y is singular with respect to A. 


è Let 11,72,... be a list of the rational numbers. Suppose w1, w2,... is a bounded 
sequence of complex numbers. Define a complex measure v on (R, B) by 
Wk 
{kEZ* :rkEE} 
for E € B. Then v L A because v lives on Q and A lives on R \ Q. 


The hard work for proving the next result has already been done in proving the 
Hahn Decomposition Theorem (9.23). 


9.30 Jordan Decomposition Theorem 


e Every real measure is the difference of two finite (positive) measures that are 
singular with respect to each other. 


e More precisely, suppose v is a real measure on a measurable space (X, S). 


Then there exist unique finite (positive) measures v™ and v~ on (X, S) such 
that 


9.31 — and vt Lv. 


Furthermore, 
[v| =vt+v. 


Proof Let X = AUB bea Hahn decomposition of v as in 9.23. Define functions 
vt: S — (0,00) and v~: S — [0, œ) by 
vt(E) =v(EN A) and v“ (E) =—v(ENB). 
The countable additivity of v implies vt and v~ are finite (positive) measures on 
(X,S), with v = vt — v~ and vt Lv. 
The definition of the total vari- 
ation measure and 9.31 imply that 


Camille Jordan (1838—1922) is also 
known for certain matrices that are 


me hae aes mou vent. 0 except along the diagonal and the 
The equations v = v' —v~ and : : 
4 ae line above it. 
|v| = vt +v imply that 


+ ltr -_ bel- 
= d = 
5 and v 5 
Thus the finite (positive) measures vt and v~ are uniquely determined by v and the 
conditions in 9.31. 


v 
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Lebesgue Decomposition Theorem 


The next definition captures the notion of one measure having more sets of measure 0 
than another measure. 


9.32 Definition absolutely continuous; < 


Suppose v is a complex measure on a measurable space (X,S) and p is a 


(positive) measure on (X,S). Then v is called absolutely continuous with respect 
to u, denoted v < p, if 


v(E) = 0 for every set E € S with u(E) = 0. 


9.33 Example absolute continuity 


The reader should verify all the following examples: 


e If u is a (positive) measure and h € L1 (p), then h dy < y. 
e Ifv is a real measure, thenv* < |v|andv™ < |v]. 

e If vis a complex measure, then v < |v]. 

e If vis a complex measure, then Rev < |v| andImv < |v]. 


e Every measure on a measurable space (X,S) is absolutely continuous with 
respect to counting measure on (X, S). 


The next result should help you think that absolute continuity and singularity are 
two extreme possibilities for the relationship between two complex measures. 


9.34 absolutely continuous and singular implies 0 measure 


Suppose j is a (positive) measure on a measurable space (X, S). Then the only 


complex measure on (X, S) that is both absolutely continuous and singular with 
respect to y is the 0 measure. 


Proof Suppose v is a complex measure on (X, S) such that v < pandy L p. Thus 
there exist sets A, B € S such that A U B = X, ANB = Ø, and v(E) = v(EN A) 
and u(E) = u(E N B) for every E € S. 

Suppose E € S. Then 


u(EN A) = u((EN A) NB) = u() = 0. 


Because v < y, this implies that v(E N A) = 0. Thus v(E) = 0. Hence v is the 0 
measure. 


Our next result states that a (positive) measure on a measurable space (X, S) 
determines a decomposition of each complex measure on (X, S) as the sum of the 
two extreme types of complex measures (absolute continuity and singularity). 
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9.35 Lebesgue Decomposition Theorem 


Suppose p is a (positive) measure on a measurable space (X, S). 


e Every complex measure on (X,S) is the sum of a complex measure 
absolutely continuous with respect to and a complex measure singular 
with respect to y. 


e More precisely, suppose v is a complex measure on (X, S). Then there exist 
unique complex measures vg and vs on (X, S) such that v = vq + vs and 


Va Kpy and vel yp. 


Proof Let 
b = sup{|v|(B) : B € S and p(B) = 0}. 
For each k € Z*, let By € S be such that 
|v|(B,) >b- and p(By) =0. 
Let 


B= |) B. 
k=1 


Then p(B) = 0 and |v|(B) = b. 
Let A = X \ B. Define complex measures va and vs on (X, S) by 


va(E) =v(ENA) and v,(E) =v(EMB). 


Clearly v = vg + Vs. 
If E € S, then 


u(E) = (EN A) +u(EN B) =u(EN A), 


where the last equality holds because u(B) = 0. The equation above implies that 
vs Ly. 
To prove that va < pl, suppose E € S and (E) = 0. Then p(BU E) = 0 and 
hence 
b > |v|(B U E) = |v|(B) + |v|(E\ B) = b + |v|(E\ B), 
which implies that |v|(E \ B) = 0. Thus 
va(E) = v(E N A) E v(E \ B) =0, The construction of Va and vs shows 


that if v is a positive (or real) 
which implies that va & H. measure, then so are v; and Vs. 


We have now proved all parts of this result except the uniqueness of the Lebesgue 
decomposition. To prove the uniqueness, suppose vı and v2 are complex measures 
on (X, S) such that vı & y, vo L u, and v = vı + v2. Then 


V1 — Va = Vs — V2. 


The left side of the equation above is absolutely continuous with respect to js and the 
right side is singular with respect to 4u. Thus both sides are both absolutely continuous 
and singular with respect to u. Thus 9.34 implies that vı = vq and v2 = vs. 
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Radon—Nikodym Theorem 


If u is a (positive) measure, h € Lt (u), 
and dv = h dy, then v < p. The next 
result gives the important converse—if y 
is o-finite, then every complex measure 
that is absolutely continuous with respect to y is of the form h dy for some h € L(1). 
The hypothesis that y is -finite cannot be deleted. 


9.36 Radon—Nikodym Theorem 


Suppose y is a (positive) 7-finite measure on a measurable space (X, S). Suppose 


The result below was first proved by 
Radon and Otto Nikodym 


(1887-1974). 


v is a complex measure on (X, S) such that v < u. Then there exists h € Lt (u) 
such that dv = h du. 


Proof First consider the case where both yp and v are finite (positive) measures. 
Define g: L?(v + u) > R by 


9.37 olf) = f fav. 


To show that ¢ is well defined, first note that if f € L? (v + u), then 


a38 fifi < fIfldw tw < M HD) PNN <% 


where the middle inequality follows from Hölder’s inequality (7.9) applied to the 
functions 1 and f. Now 9.38 shows that f f dv makes sense for f € £? (v + u). 
Furthermore, if two functions in L? (v + y) differ only on a set of (v + u)-measure 
0, then they differ only on a set of v-measure 0. Thus ọ as defined in 9.37 makes 
sense as a linear functional on L? (v + p). 
Because |ọ(f)| < fIf|dv, 9.38 
shows that @ is a bounded linear func- 
tional on L?(v + p). The Riesz Represen- 
tation Theorem (8.47) now implies that 
there exists g € L? (v + p) such that 


ffw= f fgaw+n) 


for all f € L? (v + u). Hence 


The clever idea of using Hilbert 
space techniques in this proof comes 


from John von Neumann 


(1903-1957). 


9.39 [fa-s)a= f fga 


forall f € L? (v + p). 

If f equals the characteristic function of {x € X : g(x) > 1}, then the left side 
of 9.39 is less than or equal to 0 and the right side of 9.39 is greater than or equal to 
0; hence both sides are 0. Thus f fg dj = 0, which implies (with this choice of f) 
that u({x E€ X: g(x) >1}) =0. 
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Similarly, if f equals the characteristic function of {x € X : g(x) < 0}, then the 
left side of 9.39 is greater than or equal to 0 and the right side of 9.39 is less than 
or equal to 0; hence both sides are 0. Thus f fg du = 0, which implies (with this 
choice of f) that u({x € X : g(x) < 0}) = 0. 

Because v < p, the two previous paragraphs imply that 


v({x € X: g(x) >1})=0 and v({x eX: g(x) < O}) =0. 


Thus we can modify g (for example by redefining g to be 1 on the two sets appearing 
above; both those sets have v-measure 0 and -measure 0) and from now on we can 
assume that 0 < g(x) < 1 for all x € X and that 9.39 holds for all f € £L7(v + u). 
Hence we can define h: X — [0,00) by 


Suppose E € S. For each k € Z*, let 


Taking f = x,,/(1— g) in 9.39 


Xg) if Xp) z k would give v(E) = fp h dy, but this 
flx) = ¢ 18%) 8) 7 function f might not be in 
0 otherwise. L?(v + p) and thus we need to be a 


bit more careful. 


Then fp € L2(v + p). Now 9.39 implies 


jf — g)dv = | fis ap. 


Taking the limit as k —> oo and using the Monotone Convergence Theorem (3.11) 
shows that 


9.40 [ra = [ nay. 
E E 


Thus dv = h du, completing the proof in the case where both v and y are (positive) 
finite measures [note that h € £!(j) because h is a nonnegative function and we can 
take E = X in the equation above]. 

Now relax the assumption on y to the hypothesis that y4 is a o-finite measure. 
Thus there exists an increasing sequence X; C Xz C --- of sets in S such that 
Up, Xx = X and p(X;,) < œ for each k € ZT. For k € Zt, let vz and py, denote 
the restrictions of v and y to the o-algebra on X% consisting of those sets in S that 
are subsets of Xg. Then vy < uç. Thus by the case we have already proved, there 
exists a nonnegative function hy € L! (pz) such that dup = hy dug. If j < k, then 


[du =v(E) = fa 


for every set E € S with E C X;; thus u({x € Xj: hj(x) A hy(x)}) = 0. Hence 
there exists an S-measurable function h: X — [0,00) such that 


u({x € Xk: h(x) A hg(x)}) =0 


for every k € Z*. The Monotone Convergence Theorem (3.11) can now be used to 
show that 9.40 holds for every E € S. Thus dv = h dy, completing the proof in the 
case where v is a (positive) finite measure. 


274 Chapter9 Real and Complex Measures 


Now relax the assumption on v to the assumption that v is a real measure. The 
measure v equals one-half the difference of the two positive (finite) measures |v| + v 
and |v| — v, each of which is absolutely continuous with respect to ju. By the case 
proved in the previous paragraph, there exist h4, h— € £! (u) such that 


d(|v}+v)=h,du and d(|v|—v) =h_ du. 


Taking h = 3 (hy —h_), we have dv = h du, completing the proof in the case 
where v is a real measure. 

Finally, if v is a complex measure, apply the result in the previous paragraph to the 
real measures Re v, Im v, producing Mge, htm € L1 (y) such that d(Rev) = hpe du 
and d(Imv) = htm dy. Taking h = hre + ihm, we have dv = h du, completing 
the proof in the case where v is a complex measure. 


The function h provided by the Radon—Nikodym Theorem is unique up to changes 
on sets with j/-measure 0. If we think of h as an element of L! (u) instead of £1 (u), 
then the choice of h is unique. 

When dv = h dy, the notation h = F is used by some authors, and h is called 
the Radon—Nikodym derivative of v with respect to y. 

The next result is a nice consequence of the Radon—Nikodym Theorem. 


.41 if vis a complex measure, then dv = hd\v| for some h with |h(x)| = 1 


(a) Suppose v is a real measure on a measurable space (X, S). Then there exists 
an S-measurable function h: X — {—1,1} such that dv = hdlv]. 


(b) Suppose v is a complex measure on a measurable space (X, S). Then there 
exists an S-measurable function h: X — {z € C: |z| = 1} such that 
dv =hd|v|. 


Proof Because v < |v], the Radon—-Nikodym Theorem (9.36) tells us that there 
exists h € £1(|v|) (with h real valued if v is a real measure) such that dv = h d|v]. 
Now 9.10 implies that d|v| = |h| d|v|, which implies that |h| = 1 almost everywhere 
(with respect to |v|). Refine h to be 1 on the set {x € X : |h(x)| 4 1}, which gives 
the desired result. 


We could have proved part (a) of the result above by taking h = x A Xp in the 
Hahn Decomposition Theorem (9.23). 

Conversely, we could give a new proof of the Hahn Decomposition Theorem by 
using part (a) of the result above and taking 


A={xeEX:h(x)=1} and B={xe X:h(x) = —1}. 


We could also give a new proof of the Jordan Decomposition Theorem (9.30) by 
using part (a) of the result above and taking 


+ _ am 
v = Xie x:n <1) Il and v -1 dlv]. 


= Xixe X:h(x) = 
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Dual Space of L” (u) 


Recall that the dual space of a normed vector space V is the Banach space of bounded 
linear functionals on V; the dual space of V is denoted by V’. Recall also that if 
1 < p < œ, then the dual exponent p’ is defined by the equation z + 7 le 

The dual space of 4P can be identified with 0P' for 1 < p < œ, as we saw in 7.26. 
We are now ready to prove the analogous result for an arbitrary (positive) measure, 
identifying the dual space of L? (u) with L?'(y) [with the mild restriction that p is 
o-finite if p = 1]. In the special case where p is counting measure on Z+, this new 
result reduces to the previous result about £P. 

For 1 < p < œ, the next result differs from 7.25 by only one word, with “to” in 
7.25 changed to “onto” below. Thus we already know (and will use in the proof) 


that the map h ++ gj, is a one-to-one linear map from LP'(p) to (LP (p)) and that 
Pull = |All» forall h € LP'(u). The new aspect of the result below is the assertion 


that every bounded linear functional on L? (y) is of the form p for some h € L?’(j1). 
The key tool we use in proving this new assertion is the Radon—Nikodym Theorem. 


9.42 dual space of LP” (p) is LP'(u) 


Suppose y is a (positive) measure and 1 < p < œ [with the additional hypothesis 
that pis a 7-finite measure if p = 1]. For h € L?’(j1), define pp: L” (u) — F by 


Paf) = J fhan. 


Then h ++ Qp is a one-to-one linear map from LP'(u) onto (LP ( m). Further- 
more, ||Pa|| = ||/|| y for all h € LP'(n). 


Proof The case p = 1 is left to the reader as an exercise. Thus assume that 
1l<p<o. 
Suppose ji is a (positive) measure on a measurable space (X,S) and 9 is a 
bounded linear functional on L” (4); in other words, suppose pọ € (LP (n))" 
Consider first the case where y is a finite (positive) measure. Define a function 
v: S + F by 


v(E) = (Xp). 
If Ey, E2, . . . are disjoint sets in S, then 
V(U E) = (Xu, 5,) = 0X xa) = È Paa) = L vE, 
k=1 = = = 


where the infinite sum in the third term converges in the L? (j1)-norm to XUL, Ep and 
k=1 

the third equality holds because ¢ is a continuous linear functional. The equation 

above shows that v is countably additive. Thus v is a complex measure on (X,S) 


[and is a real measure if F = R]. 


276 Chapter9 Real and Complex Measures 


If E € S and p(E) = 0, then x, is the 0 element of L” (u), which implies that 
~(X,) = 0, which means that v(E) = 0. Hence v < p. By the Radon—Nikodym 


Theorem (9.36), there exists h € L! (u) such that dv = h du. Hence 

exp) = vE) = f nay = | xh ay 
for every E € S. The equation above, along with the linearity of gy, implies that 
9.43 o(f)= [ph du for every simple S-measurable function f: X — F. 


Because every bounded S-measurable function is the uniform limit on X of a 
sequence of simple S-measurable functions (see 2.89), we can conclude from 9.43 
that 


9.44 (f) = ffrau for every f € L” (u). 


For k € Zt, let 
Ey = {x € X:0 < |h(x)| <k} 
and define fp € LP” (u) by 
h(x) |h(x)|P if x © Ex, 
AG ee 


0 otherwise. 


9.45 


Now 


1 1 1/p 
[el xe du = oo < lol lifl = Noll fP xe au) 


where the first equality follows from 9.44 and 9.45, and the last equality follows from 
9.45 [which implies that | fọ (x)|P = aj o for x € X]. After dividing by 


/ 1/p 
( fn? Xe, du) , the inequality between the first and last terms above becomes 


laxs lly < lloll- 


Taking the limit as k — œ shows, via the Monotone Convergence Theorem (3.11), 
that 


Ally < lloll 


Thus h € LP'(u). Because each f € LP (p) can be approximated in the LP (p) norm 
by functions in L® (u), 9.44 now shows that p = pp, completing the proof in the 
case where y is a finite (positive) measure. 

Now relax the assumption that y is a finite (positive) measure to the hypothesis 
that y is a (positive) measure. For E € S, let Sg = {A € S : A C E} and let pe 
be the (positive) measure on (E, Sg) defined by yg(A) = u(A) for A € Sg. We 
can identify L” (ug) with the subspace of functions in L?” (u) that vanish (almost 
everywhere) outside E. With this identification, let pg = PIL? (up): Then gz is a 
bounded linear functional on L? (ug) and ||ggl| < |lọll. 
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If E € S and (E) < œ, then the finite measure case that we have already proved 
as applied to gr implies that there exists a unique hg € LP uE) such that 


9.46 (f) = [fie du for all f € LP (ug). 


If D,E € S and D C E with p(E) < œ, then hp(x) = hg(x) for almost every 
x € D (use the uniqueness part of the result). 
For each k € Z*, there exists fọ € LP (u) such that 


1 
9.47 lfl <1 and [efl > lell- z 
The Dominated Convergence Theorem (3.31) implies that 


dim | Axper: AO > 2} = fell, =0 


for each k € Z*. Thus we can replace fp by FkX ta EXA > 4} for sufficiently 
large n and still have 9.47 hold. In other words, for each k € Z*, we can assume that 
there exists ny € Z* such that for each x € X, either | f,(x)| > 1/mg or f(x) = 0. 

Set Dy = {x € X : |fk(x)| > 1/ng}. Then (Dz) < œ [because fp € LP (u)] 
and 


9.48 f(x) = 0 for all x € X \ Dg. 


For k € Zt, let Ep = D1 U -+ - U Dy. Because Ey C E> C ---, we see that if 
j < k, then hg, (x) = he, (x) for almost every x € Ej. Also, 9.47 and 9.48 imply 
that 


9.49 Jim [he lly = Jim ller. = lel: 


Let E = Ue, Ex. Let h be the function that equals hg, almost everywhere on Eg 
for each k € Z* and equals 0 on X \ E. The Monotone Convergence Theorem and 
9.49 show that 

All = lell. 

If f € LP (pE), then limp_+oo||f — fXg,l|p = 0 by the Dominated Convergence 

Theorem. Thus if f € L? (ug), then 


9.50 ef) = lim e(fx,,) = lim f fxphdu= f fha 


where the first equality follows from the continuity of p, the second equality follows 
from 9.46 as applied to each E% [valid because ji(E;,) < oo], and the third equality 
follows from the Dominated Convergence Theorem. 

If D is an S-measurable subset of X \ E with 1(D) < ©, then ||hp||,. = 0 
because otherwise we would have ||h + hp||y > ||h||,” and the linear functional on 
LP (u) induced by h + hp would have norm larger than || || even though it agrees 
with g on LP (Eup). Because ||4p || = 0, we see from 9.50 that p(f) = f fh dy 
for all f € LP (u£up). 

Every element of L” (u) can be approximated in norm by elements of L? (ug) 
plus functions that live on subsets of X \ E with finite measure. Thus the previous 
paragraph implies that p(f) = f fh dp for all f € LP (u), completing the proof. 
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EXERCISES 9B 


1 Suppose v is a real measure on a measurable space (X, S). Prove that the Hahn 
decomposition of v is almost unique, in the sense that if A,B and A’, B’ are 
pairs satisfying the Hahn Decomposition Theorem (9.23), then 


lvI(A \ A!) = |ul(A"\ A) = |v|(B\ BY) = |v (BY\ B) = 0. 
2 Suppose p is a (positive) measure and g,h € L(y). Prove that gdu L hdpif 
and only if g(x)h(x) = 0 for almost every x € X. 


3 Suppose v and y are complex measures on a measurable space (X, S). Show 
that the following are equivalent: 


(a) vi uy. 
(b) [v| |y]. 
(c) Rev L pandImv _ p. 


4 Suppose v and p are complex measures on a measurable space (X, S). Prove 
that if v L y, then |v + u| = |v| + |p| and |v + al] = llv] + lull. 


5 Suppose v and y are finite (positive) measures. Prove that v L y if and only if 
lv = ll = livi] + Iall- 
6 Suppose p is a complex or positive measure on a measurable space (X, S). 


Prove that 
{v € Mp(S):v Lu} 


is a closed subspace of Mp(S). 


7 Use the Cantor set to prove that there exists a (positive) measure v on (R, B) 
such that v L A and v(R) # 0 but v({x}) = 0 for every x € R; here A 
denotes Lebesgue measure on the o-algebra B of Borel subsets of R. 

[The second bullet point in Example 9.29 does not provide an example of the 
desired behavior because in that example, v({r,}) 4 0 for all k € Z* with 
wp # 0.] 


8 Suppose v is a real measure on a measurable space (X, S). Prove that 
vt (E) = sup{v(D) : D € S and D C E} 
and 


v~ (E) = —inf{v(D): D € Sand D C E}. 


9 Suppose # is a (positive) finite measure on a measurable space (X, S) andh is a 
nonnegative function in L1 (p). Thus h du < du. Find a reasonable condition 
on A that is equivalent to the condition du < h dy. 


10 


11 


12 


13 


14 


15 


16 
17 


18 
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Suppose p is a (positive) measure on a measurable space (X, S) and v is a 
complex measure on (X, S). Show that the following are equivalent: 


(a) V<p. 
(b) [v| < p. 
(c) Rev < wandImv < p. 


Suppose ji is a (positive) measure on a measurable space (X, S) and v is a real 
measure on (X, S). Show that v < pif and only if v® < uand v7 < u. 


Suppose y is a (positive) measure on a measurable space (X, S). Prove that 
{ve ME(S):v < u} 
is a closed subspace of Mg (S). 


Give an example to show that the Radon—Nikodym Theorem (9.36) can fail if 
the o-finite hypothesis is eliminated. 


Suppose ji is a (positive) 7-finite measure on a measurable space (X, S) and v 
is a complex measure on (X, S). Show that the following are equivalent: 


(a) V<p. 


(b) for every € > 0, there exists ô > 0 such that |v(E)| < e for every set 
E € S with p(E) < ô. 


(c) for every € > 0, there exists ô > 0 such that |v|(E) < e for every set 
E € S with p(E) < ô. 


Prove 9.42 [with the extra hypothesis that u is a o-finite (positive) measure] in 
the case where p = 1. 


Explain where the proof of 9.42 fails if p = oo. 


Prove that if u is a (positive) measure and 1 < p < œ, then LP (p) is reflexive. 
[See the definition before Exercise 19 in Section 7B for the meaning of reflexive. ] 


Prove that L'(R) is not reflexive. 
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® 
Chapter 10 ome 


Linear Maps on Hilbert Spaces 


A special tool called the adjoint helps provide insight into the behavior of linear maps 
on Hilbert spaces. This chapter begins with a study of the adjoint and its connection 
to the null space and range of a linear map. 

Then we discuss various issues connected with the invertibility of operators on 
Hilbert spaces. These issues lead to the spectrum, which is a set of numbers that 
gives important information about an operator. 

This chapter then looks at special classes of operators on Hilbert spaces: self- 
adjoint operators, normal operators, isometries, unitary operators, integral operators, 
and compact operators. 

Even on infinite-dimensional Hilbert spaces, compact operators display many 
characteristics expected from finite-dimensional linear algebra. We will see that 
the powerful Spectral Theorem for compact operators greatly resembles the finite- 
dimensional version. Also, we develop the Singular Value Decomposition for an 
arbitrary compact operator, again quite similar to the finite-dimensional result. 


Sth fie | uE fare omnia W 
The Botanical Garden at Uppsala University (the oldest university in Sweden, 
founded in 1477), where Erik Fredholm (1866-1927) was a student. The theorem 
called the Fredholm Alternative, which we prove in this chapter, states that a 
compact operator minus a nonzero scalar multiple of the identity operator 
is injective if and only if it is surjective. 
CC-BY-SA Per Enström 
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10A Adjoints and Invertibility 


Adjoints of Linear Maps on Hilbert Spaces 


The next definition provides a key tool for studying linear maps on Hilbert spaces. 


10.1 Definition adjoint; T* 


Suppose V and W are Hilbert spaces and T: V — W is a bounded linear map. 
The adjoint of T is the function T*: W — V such that 


T S) 


for every f € V and every g € W. 


To see why the definition above makes 
sense, fix g E€ W. Consider the linear 
functional on V defined by f +> (Tf, Q). 
This linear functional is bounded because 


KTAS < ITAI < ITM stl IFT 


for all f € V; thus the linear functional f + (Tf, g) has norm at most ||T|| |||. By 
the Riesz Representation Theorem (8.47), there exists a unique element of V (with 
norm at most ||T || || ¢||) such that this linear functional is given by taking the inner 
product with it. We call this unique element T*g. In other words, T*g is the unique 
element of V such that 


10.2 (Tf,g) = (f, T*2) 


for every f € V. Furthermore, 


The word adjoint has two unrelated 


meanings in linear algebra. We need 
only the meaning defined above. 


10.3 T*sll < IITIIlisl]. 


In 10.2, notice that the inner product on the left is the inner product in W and the 
inner product on the right is the inner product in V. 
10.4 Example multiplication operators 

Suppose (X, S, u) is a measure space and h € L” (yu). Define the multiplication 
operator Mp: L? (u) + L? (u) by 


Mnf = fh. 
Then M; is a bounded linear map and ||M;|| < ||/||.0. Because 


_ The complex conjugates that appear 
(Mnf, 8) = Jrz du = (f, Mig) in this example are unnecessary (but 


they do no harm) if F = R. 


for all f,g € L? (p), we have Mj,* = Mz- 
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10.5 Example linear maps induced by integration 


Suppose (X, S, p) and (Y,7,v) are o-finite measure spaces and K € £? (u x v). 
Define a linear map Zg: L? (v) + L? (p) by 


10.6 (Zxf)(x) = [ Kew) dv(y) 


for f € L?(v) and x € X. To see that this definition makes sense, first note that 
there are no worrisome measurability issues because for each x € X, the function 
y + K(x,y) is a T -measurable function on Y (see 5.9). 

Suppose f € L?(v). Use the Cauchy—Schwarz inequality (8.11) or Hélder’s 
inequality (7.9) to show that 


107 [K(x w)ILF dy) < (Sikepan) Ieo 


for every x € X. Squaring both sides of the inequality above and then integrating on 
X with respect to pz gives 


[ALKE w ante) < (f [Kea P avy) u) ISa 


= IKI? Tzun) lf lizo) 


where the last line holds by Tonelli’s Theorem (5.28). The inequality above implies 
that the integral on the left side of 10.7 is finite for y-almost every x € X. Thus 
the integral in 10.6 makes sense for -almost every x € X. Now the last inequality 
above shows that 


Iflg = [VEAP dul) < IKB lfl 
Thus Zx is a bounded linear map from L? (v) to L? (u) and 
10.8 Zxll < IIKllr2qxv) 
Define K*: Y x X —> F by 


K* (y, x) = K(x, y), 
and note that K* € L?(v x u). Thus Zg: L?(u) + L? (v) is a bounded linear map. 
Using Tonelli’s Theorem (5.28) and Fubini’s Theorem (5.32), we have 


(Ixf.s) = f f Kew Fv) wE du(x) 
= [ Fu) f KEG dul) arly) 
= | FTesW) arly) = (f, Trs) 


for all f € L?(v) and all g € L? (u). Thus 
10.9 (Ik) = Lye. 
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10.10 Example linear maps induced by matrices 


As a special case of the previous example, suppose m,n € Z*, u is counting 
measure on {1,...,m}, v is counting measure on {1,...,2}, and K is an m-by-n 
matrix with entry K(i, Í) € F in row 7, column j. In this case, the linear map 
Tx: L?(v) + L? (u) induced by integration is given by the equation 

n 
(Zkf)(i) = LGM 
j= 
for f € L?(v). If we identify L?(v) and L?(j) with F” and F” and then think of 
elements of F” and F” as column vectors, then the equation above shows that the 
linear map Zg: F” — F” is simply matrix multiplication by K. 

In this setting, K* is called the conjugate transpose of K because the n-by-m 
matrix K* is obtained by interchanging the rows and the columns of K and then 
taking the complex conjugate of each entry. 

The previous example now shows that 

m 


Izl < (È EIKEDE) 


i=1j=1 


Furthermore, the previous example shows that the adjoint of the linear map of 
multiplication by the matrix K is the linear map of multiplication by the conjugate 
transpose matrix K*, a result that may be familiar to you from linear algebra. 


If T is a bounded linear map from a Hilbert space V to a Hilbert space W, then 
the adjoint T* has been defined as a function from W to V. We now show that the 
adjoint T* is linear and bounded. Recall that 5 (V, W) denotes the Banach space of 
bounded linear maps from V to W. 


10.11 T* is a bounded linear map 


Suppose V and W are Hilbert spaces and T € B(V,W). Then 


TSW Yy F S= ean wll ||| ||, 


Proof Suppose g1, g2 E€ W. Then 


(f, T* (s81 + 82)) = (Tf, g1 +82) = (Tf, a1) + (Tf, 82) 
= lg + (f, T*82) 
= (f,T*g1 +T*g2) 
for all f € V. Thus T* (g1 + 92) = T* g1 + T* g2. 
Suppose a € F and g € W. Then 
(F, T* (ag)) = (Tf ag) = a(Tf,g) = a(f,T"g) = (f aT") 


for all f € V. Thus T* (ag) = aT*g. 
We have now shown that T*: W — V is a linear map. From 10.3, we see that T* 
is bounded. In other words, T* € B(W, V). 
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Because T* € B(W, V), its adjoint (T*)*: V — W is defined. Suppose f € V. 
Then 


(TY F8) = e (TP) = (T8, f) = T*S) = (TF8) 


for all g € W. Thus (T*)*f = Tf, and hence (T*)* = T. 
From 10.3, we see that ||T*|] < ||T||. Applying this inequality with T replaced 
by T* we have 
T°] < TN = er") ST" 
Because the first and last terms above are the same, the first inequality must be an 
equality. In other words, we have ||T*|| = ||T||. 


Parts (a) and (b) of the next result show that if V and W are real Hilbert spaces, 
then the function T ++ T* from 6(V,W) to B(W, V) is a linear map. However, 
if V and W are nonzero complex Hilbert spaces, then T ++ T* is not a linear map 
because of the complex conjugate in (b). 


10.12 properties of the adjoint 


Suppose V, W, and U are Hilbert spaces. Then 


(a) (S+T)* =S* +T* forall S,T € B(V,W); 


(b) (aT)* =aT* for all « € F and all T € B(V, W); 


(c) I* = I, where I is the identity operator on V; 


(d) (SoT)* = T* o S* forall T € B(V,W) and S € B(W, U). 


Proof 
(a) The proof of (a) is left to the reader as an exercise. 
(b) Suppose a € F and T € B(V, W). If f € V and g € W, then 
(F, (aT)"g) = (aT f,g) =a (Tf, 8) = a(f,T*8) = (f,aT*8). 
Thus (aT )*g = x T*g, as desired. 


(c) If f,g € V, then 
(f, Ig) = (If, 8) = (f,8)- 
Thus I*g = g, as desired. 


(d) Suppose T € B(V,W) and S € B(W,U). If f € V and g € U, then 
(f, (S° T)"g) = (ST) fg) = (S(TF),8) = (T8,5*8) = (f, T* (S*8)). 


Thus (S o T)*g = T*(S*g) = (T* o S*)(g). Hence (S o T)* = T* o S*, as 
desired. 
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Null Spaces and Ranges in Terms of Adjoints 


The next result shows the relationship between the null space and the range of a linear 
map and its adjoint. The orthogonal complement of each subset of a Hilbert space is 
closed [see 8.40(a)]. However, the range of a bounded linear map on a Hilbert space 
need not be closed (see Example 10.15 or Exercises 9 and 10 for examples). Thus in 
parts (b) and (d) of the result below, we must take the closure of the range. 


10.13 null space and range of T* 


Suppose V and W are Hilbert spaces and T € (V, W). Then 


(a) null T* = (range T 


(b) range T* = (null T 


(c) null T = (range T* 


) 
) 
) 


(d) range T = (null T* 


Proof We begin by proving (a). Let g € W. Then 


ge nullT* <> T*g=0 
<=> (f,T*g) = 0 forall f € V 
<=> (Tf,g) = 0 forall f € V 
<> g € (rangeT)+. 


Thus null T* = (range T)+, proving (a). 


If we take the orthogonal complement of both sides of (a), we get (d), where we 
have used 8.41. Replacing T with T* in (a) gives (c), where we have used 10.11. 
Finally, replacing T with T* in (d) gives (b). 


As a corollary of the result above, we have the following result, which gives a 
useful way to determine whether or not a linear map has a dense range. 


10.14 necessary and sufficient condition for dense range 


Suppose V and W are Hilbert spaces and T € B(V, W). Then T has dense range 
if and only if T* is injective. 


Proof From 10.13(d) we see that T has dense range if and only if (null T*)+ = W, 
which happens if and only if null T* = {0}, which happens if and only if T* is 
injective. 


The advantage of using the result above is that to determine whether or not a 
bounded linear map T between Hilbert spaces has a dense range, we need only 
determine whether or not 0 is the only solution to the equation T*g = 0. The next 
example illustrates this procedure. 
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10.15 Example Volterra operator 
The Volterra operator is the linear map V : L?([0,1]) — L?((0,1]) defined by 


A(x) = [Fay 


for f € L?([0,1]) and x € [0,1]; here dy means dA(y), where A is the usual 
Lebesgue measure on the interval (0, 1]. 

To show that V is a bounded linear map from L?([0, 1]) to L?([0,1]), let K be the 
function on [0,1] x [0,1] defined by 


K(x,y) = t Ta 
if x < y. 
In other words, K is the characteris- 
tic function of the triangle below the 
diagonal of the unit square. Clearly 
K € L? (à x A) and V = Tp as defined 
in 10.6. Thus V is a bounded linear map 
from L?((0,1}) to L?({0,1]) and ||V| < B (by 10.8). 
Because V* = Tx« (by 10.9) and K* is the characteristic function of the closed 
triangle above the diagonal of the unit square, we see that 


Vito Volterra (1860-1940) was a 
pioneer in developing functional 


analytic techniques to study integral 
equations. 


wre =f roas S ow- o 


for f € L?([0,1]) and x € [0,1]. 

Now we can show that V* is injective. To do this, suppose f € L?((0,1]) and 
V*f = 0. Differentiating both sides of 10.16 with respect to x and using the Lebesgue 
Differentiation Theorem (4.19), we conclude that f = 0. Hence V* is injective. Thus 
the Volterra operator V has dense range (by 10.14). 

Although range V is dense in L?([0,1]), it does not equal L((0,1]) (because 
every element of range V is a continuous function on [0,1] that vanishes at 0). Thus 
the Volterra operator V has dense but not closed range in L*([0,1]). 


Invertibility of Operators 


Linear maps from a vector space to itself are so important that they get a special name 
and special notation. 


10.17 Definition operator; B(V) 


e An operator is a linear map from a vector space to itself. 


e If V is a normed vector space, then B(V) denotes the normed vector space 
of bounded operators on V. In other words, B(V) = B(V,V). 
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10.18 Definition invertible; T~! 


e An operator T on a vector space V is called invertible if T is a one-to-one 


and surjective linear map of V onto V. 


e Equivalently, an operator T: V — V is invertible if and only if there exists 
an operator T71: V > V such that T~! o T = ToT! = 1. 


The second bullet point above is equivalent to the first bullet point because if 
a linear map T: V — V is one-to-one and surjective, then the inverse function 
T~!: V > V is automatically linear (as you should verify). 

Also, if V is a Banach space and T is a bounded operator on V that is invertible, 
then the inverse T~! is automatically bounded, as follows from the Bounded Inverse 
Theorem (6.83). 

The next result shows that inverses and adjoints work well together. In the proof, 
we use the common convention of writing composition of linear maps with the same 
notation as multiplication. In other words, if S and T are linear maps such that S o T 
makes sense, then from now on 


ST = SoT. 


10.19 inverse of the adjoint equals adjoint of the inverse 


A bounded operator T on a Hilbert space is invertible if and only if T* is invertible. 
Furthermore, if T is invertible, then (T* iat = (=L; 


Proof First suppose T is invertible. Taking the adjoint of all three sides of the 
equation T~!'T = TTT! = I, we get 


rr = ma a = L, 


which implies that T* is invertible and (T*)~! = (T~!)* 
Now suppose T™ is invertible. Then by the direction just proved, (T*)* is invert- 
ible. Because (T*)* = T, this implies that T is invertible, completing the proof. 


Norms work well with the composition of linear maps, as shown in the next result. 


10.20 norm of a composition of linear maps 


Suppose U, V, W are normed vector spaces, T € B(U, V), and S € B(V,W). 
Then 


ISTIL < ISI ITI]. 


Proof Iff € U, then 


ISPO = ISAI < ISITA < ISIHITHAI 
Thus ||ST|| < ||S]| ||T||, as desired. 
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Unlike linear maps from one vector space to a different vector space, operators on 
the same vector space can be composed with each other and raised to powers. 


10.24 Definition T* 


Suppose T is an operator on a vector space V. 


e Fork € Zt, the operator T* is defined by T* = TT- -- T. 
—_—_— 


k times 


e T° is defined to be the identity operator I: V — V. 


_You should verify that powers of an operator satisfy the usual arithmetic rules: 
TITK = Ti+ and (T/)* = TÝ for j,k € Z+. Also, if V is a normed vector space 
and T € B(V), then 

k k 
IIT“ < IIT] 


for every k € Z*, as follows from using induction on 10.20. 
Recall that if z € C with |z| < 1, then the formula for the sum of a geometric 


series shows that 
1 foe) 
=% 
=Z kÆ 


The next result shows that this formula carries over to operators on Banach spaces. 


10.22 operators in the open unit ball centered at the identity are invertible 


If T is a bounded operator on a Banach space and ||T|| < 1, then I — T is 


es] 
Z 
k=0 


invertible and 


Proof Suppose T is a bounded operator on a Banach space V and ||T|| < 1. Then 
yin < È IT = a 
Hence 6.47 and 6.41 imply that the infinite sum } £o T% converges in B (V). Now 
10.23 (I-T) > T* = lim ( DE T* = lim (I —- T"*!) =1, 
k=0 
where the last equality holds because ||T"*!|| < ||T||*1 and ||T|| < 1. Similarly, 
10.24 @ T*) (1-1) = lim pLa (I= T) = lim (1 - T"*!) = 1. 


Equations 10.23 and 10.24 imply that I — T is invertible and (I— T)~! = EZ o TF., 


Section 10A Adjoints and Invertibility 289 


Now we use the previous result to show that the set of invertible operators on a 
Banach space is open. 


10.25 invertible operators form an open set 


Suppose V is a Banach space. Then {T € B(V) : T is invertible} is an open 
subset of B(V). 


Proof Suppose T € B(V) is invertible. Suppose S € B(V) and 


1 
T= S|| < m: 
\|T-"|| 
Then 
IZ- THS] = |TT — THS] < THT- SIl < 1. 


Hence 10.22 implies that I — (I — TİS) is invertible; in other words, T~!S is 
invertible. 

Now S = T(T~!S). Thus S is the product of two invertible operators, which 
implies that S is invertible with S~! = (T~!S)-!T-1, 

We have shown that every element of the open ball of radius ||T~ 
T is invertible. Thus the set of invertible elements of B(V) is open. 


1\|-1 centered at 


10.26 Definition left invertible; right invertible 


Suppose T is a bounded operator on a Banach space V. 
e T is called left invertible if there exists S € B(V) such that ST = I. 
e T is called right invertible if there exists S € B(V) such that TS = I. 


One of the wonderful theorems of linear algebra states that left invertibility and 
right invertibility and invertibility are all equivalent to each other for operators on 
a finite-dimensional vector space. The next example shows that this result fails on 
infinite-dimensional Hilbert spaces. 


10.27 Example left invertibility is not equivalent to right invertibility 


Define the right shift T: (2 — $ and the left shift S: Ê — @ by 


T (a, 42, 03,...) = (0,44, 42,03,...) 


and 
S(m, A2, A3,.. :) = (az, a3,Q4,.. “i 
Because ST = I, we see that T is left invertible and S is right invertible. However, T 


is neither invertible nor right invertible because it is not surjective, and S is neither 
invertible nor left invertible because it is not injective. 
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The result 10.29 below gives equivalent conditions for an operator on a Hilbert 
space to be left invertible. On finite-dimensional vector spaces, left invertibility 
is equivalent to injectivity. The example below shows that this fails on infinite- 
dimensional Hilbert spaces. Thus we cannot eliminate the closed range requirement 
in part (c) of 10.29. 


10.28 Example injective but not left invertible 
Define T: Ê — 2 by 
T(a1, a2, a3,.- <) = (m, ea r 
Then T is an injective bounded operator on £. 
Suppose S is an operator on £ such that ST = I. For n € ZY, lete, € £ be the 
vector with 1 in the n*-slot and 0 elsewhere. Then 
Sen = S(nTen) = n(ST) (en) = nen. 
The equation above implies that S is unbounded. Thus T is not left invertible, even 
though T is injective. 
10.29 left invertibility 
Suppose V is a Hilbert space and T € B(V). Then the following are equivalent: 


(a) T is left invertible. 


(b) there exists æ € (0,00) such that ||f|| < a||Tf|| for all f € V. 


(c) T is injective and has closed range. 


(d) T*T is invertible. 


Proof First suppose (a) holds. Thus there exists S € B(V) such that ST = I. If 


f € V, then 
fll = STAI < ISITA 


Thus (b) holds with « = ||S||, proving that (a) implies (b). 
Now suppose (b) holds. Thus there exists « € (0,00) such that 


10.30 IfI < ol] fl] for all f € V. 


The inequality above shows that if f € V and Tf = 0, then f = 0. Thus T is 
injective. To show that T has closed range, suppose fi, fo,... is a sequence in V 
such Tfi, T f2,... converges in V to some g € V. Thus the sequence Tfi, T fz,... is 
a Cauchy sequence in V. The inequality 10.30 then implies that f1, fo,... is a Cauchy 
sequence in V. Thus fi, f2,... converges in V to some f € V, which implies that 
Tf = g. Hence g € range T, completing the proof that T has closed range, and 
completing the proof that (b) implies (c). 
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Now suppose (c) holds, so T is injective and has closed range. We want to prove 
that (a) holds. Let R: range T — V be the inverse of the one-to-one linear function 
f ++ Tf that maps V onto range T. Because range T is a closed subspace of V and 
thus is a Banach space [by 6.16(b)], the Bounded Inverse Theorem (6.83) implies 
that R is a bounded linear map. Let P denote the orthogonal projection of V onto the 
closed subspace range T. Define S: V —> V by 


Sg = R(Pg). 
Then for each g € V, we have 
ISgi] = RCP) ll < IIRI Pg] < IRIlllg 


| $ 


where the last inequality comes from 8.37(d). The inequality above implies that S is 
a bounded operator on V. If f € V, then 


S(Tf) = R(P(TF)) = R(TA) = f. 


Thus ST = I, which means that T is left invertible, completing the proof that (c) 
implies (a). 

At this stage of the proof we know that (a), (b), and (c) are equivalent. To prove 
that one of these implies (d), suppose (b) holds. Squaring the inequality in (b), we 
see that if f € V, then 


IFI? < aP TEN? = a? (TTS, f) < a? ||T*TF I IS, 


which implies that 
2 
IFI < «TTS. 


In other words, (b) holds with T replaced by T*T (and « replaced by a7). By the 
equivalence we already proved between (a) and (b), we conclude that T*T is left 
invertible. Thus there exists S € B(V) such that S(T*T) = I. Taking adjoints of 
both sides of the last equation shows that (T*T)S* = I. Thus T*T is also right 
invertible, which implies that T*T is invertible. Thus (b) implies (d). 

Finally, suppose (d) holds, so T*T is invertible. Hence there exists S € B(V) 
such that I = S(T*T) = (ST*)T. Thus T is left invertible, showing that (d) implies 
(a), completing the proof that (a), (b), (c), and (d) are equivalent. 


You may be familiar with the finite-dimensional result that right invertibility is 


equivalent to surjectivity. The next result shows that this equivalency also holds on 
infinite-dimensional Hilbert spaces. 


10.31 right invertibility 


Suppose V is a Hilbert space and T € B(V). Then the following are equivalent: 


(a) T is right invertible. 
(b) T is surjective. 


(c) TT* is invertible. 
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Proof ‘Taking adjoints shows that an operator is right invertible if and only if its 
adjoint is left invertible. Thus the equivalence of (a) and (c) in this result follows 
immediately from the equivalence of (a) and (d) in 10.29 applied to T* instead of T. 

Suppose (a) holds, so T is right invertible. Hence there exists S € B(V) such 
that TS = I. Thus T(Sf) = f for every f € V, which implies that T is surjective, 
completing the proof that (a) implies (b). 

To prove that (b) implies (a), suppose T is surjective. Define R: (null T)+ >V 
by R = T| inui T)Ł Clearly R is injective because 


null R = (null T)+ N (null T) = {0}. 


If f € V, then f = g +h for some g € nullT and some h € (null T)+ (by 
8.43); thus Tf = Th = Rh, which implies that range T = range R. Because T is 
surjective, this implies that range R = V. In other words, R is a continuous injective 
linear map of (null T)> onto V. The Bounded Inverse Theorem (6.83) now implies 
that R71: V — (null T)+ is a bounded linear map on V. We have TR~! = I. Thus 
T is right invertible, completing the proof that (b) implies (a). 


EXERCISES 10A 


1 Define T: Ê — Ê by T(a1,a2,...) = (0,a4,42,...). Find a formula for T*. 


2 Suppose V is a Hilbert space, U is a closed subspace of V, and T: U — V is 
defined by Tf = f. Describe the linear operator T*: V — U. 


3 Suppose V and W are Hilbert spaces and g € V, h € W. Define T € B(V,W) 
by Tf = (f,g)h. Find a formula for T*. 


4 Suppose V and W are Hilbert spaces and T € B(V,W) has finite-dimensional 
range. Prove that T* also has finite-dimensional range. 


5 Prove or give a counterexample: If V is a Hilbert space and T: V + Visa 
bounded linear map such that dim null T < œ, then dim null T* < œ. 


6 Suppose T is a bounded linear map from a Hilbert space V to a Hilbert space W. 
Prove that ||T*T|| = ||T]|2. 
[This formula for ||T*T|| leads to the important subject of C*-algebras.] 


7 Suppose V is a Hilbert space and Inv(V) is the set of invertible bounded oper- 
ators on V. Think of Inv(V) as a metric space with the metric it inherits as a 
subset of B(V). Show that T ++ T~! is a continuous function from Inv(V) to 
Inv(V). 


8 Suppose T is a bounded operator on a Hilbert space. 


(a) Prove that T is left invertible if and only if T* is right invertible. 
(b) Prove that T is invertible if and only if T is both left and right invertible. 


9 


10 


11 


12 


13 


14 
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Suppose b4, b2, ... is a bounded sequence in F. Define a bounded linear map 
T: Ê => Ê by 
T(a1,42,...) = (a1b1,a2b2,...). 
(a) Find a formula for T*. 
(b) Show that T is injective if and only if by Æ 0 for every k € Z+. 
(c) Show that T has dense range if and only if by Æ 0 for every k € Zt. 
(d) Show that T has closed range if and only if 


inf{|bp| : k € Z* and by Æ 0} > 0. 
(e) Show that T is invertible if and only if 
inf{|bx| : k € Z} > 0. 


Suppose h € L®(R) and M: L?(R) — L?(R) is the bounded operator 

defined by Myf = fh. 

(a) Show that M; is injective if and only if |{x € R : h(x) = 0}| = 0. 

(b) Find a necessary and sufficient condition (in terms of 1) for Mj, to have 
dense range. 


(c) Find a necessary and sufficient condition (in terms of h) for Mj, to have 
closed range. 


(d) Find a necessary and sufficient condition (in terms of h) for M, to be 
invertible. 


(a) Prove or give a counterexample: If T is a bounded operator on a Hilbert 
space such that T and T* are both injective, then T is invertible. 


(b) Prove or give a counterexample: If T is a bounded operator on a Hilbert 
space such that T and T* are both surjective, then T is invertible. 


Define T: Ê — @ by T(a1, a2, 43,.. .) = (a2, 43,a4,...). Suppose «& € F. 
(a) Prove that T — al is injective if and only if |x| > 1. 
(b) Prove that T — «I is invertible if and only if || > 1. 


(c) Prove that T — al is surjective if and only if |a] Æ 1. 
(d) Prove that T — «I is left invertible if and only if |a| > 1. 


Suppose V is a Hilbert space. 


(a) Show that {T € B(V) : T is left invertible} is an open subset of B(V). 
(b) Show that {T € B(V) : T is right invertible} is an open subset of B (V). 


Suppose T is a bounded operator on a Hilbert space V. 


(a) Prove that T is invertible if and only if T has a unique left inverse. In 
other words, prove that T is invertible if and only if there exists a unique 
S € B(V) such that ST = I. 

(b) Prove that T is invertible if and only if T has a unique right inverse. In 


other words, prove that T is invertible if and only if there exists a unique 
S € B(V) such that TS = I. 
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10B Spectrum 


Spectrum of an Operator 


The following definitions play key roles in operator theory. 


10.32 Definition spectrum; sp(T); eigenvalue 


Suppose T is a bounded operator on a Banach space V. 
e A number a € F is called an eigenvalue of T if T — «l is not injective. 
e A nonzero vector f € V is called an eigenvector of T corresponding to an 
eigenvalue w € F if 
Tf = af. 
e The spectrum of T is denoted sp(T) and is defined by 


sp(T) = {a € F: T — al is not invertible}. 


If T — «aI is not injective, then T — «I is not invertible. Thus the set of eigenvalues 
of a bounded operator T is contained in the spectrum of T. If V is a finite-dimensional 
Banach space and T € 5(V), then T — al is not injective if and only if T — wl is 
not invertible. Thus if T is an operator on a finite-dimensional Banach space, then 
the spectrum of T equals the set of eigenvalues of T. 

However, on infinite-dimensional Banach spaces, the spectrum of an operator does 
not necessarily equal the set of eigenvalues, as shown in the next example. 


10.33 Example eigenvalues and spectrum 
Verifying all the assertions in this example should help solidify your understanding 
of the definition of the spectrum. 


e Suppose b,,b2,... is a bounded sequence in F. Define a bounded linear map 
T: Ê > Ê by 

T(a1,a2,...) = (a1b1,a2b2,...). 
Then the set of eigenvalues of T equals {by : k € Z*} and the spectrum of T 
equals the closure of {by : k € Zt}. 
Suppose h € L” (R). Define a bounded linear map Mp: L?(R) —> L?(R) by 


Mnf = fh. 
Then « € F is an eigenvalue of My, if and only if |{t € R: h(t) = a}| > 0. 
Also, « € sp(M,,) if and only if |{f € R : |h(t) — a| < e}| > 0 forall e > 0. 
Define the right shift T: (2 — $ and the left shift S: Ê > @ by 
T(a1,42,03,...) = (0,a1,42, 43, . . .) and S(a1, 42, 43,...) = (a2,@3,04,...). 
Then T has no eigenvalues, and sp(T) = {a € F: |a| < 1}. Also, the set of 


eigenvalues of S is the open set {a € F : |a| < 1}, and the spectrum of S is the 
closed set {a € F: |a| < 1}. 
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If « is an eigenvalue of an operator T € B(V) and f is an eigenvector of T 
corresponding to «, then 


TAI = all = lal ill. 


which implies that |a| < ||T||. The next result states that the same inequality holds 
for elements of sp(T). 


10.34 T —al is invertible for |x| large 


Suppose T is a bounded operator on a Banach space. Then 
(a) sp(T) C {a €F: |a| < |T|}; 


(b) T — al is invertible for all æ € F with |x| > ||T||; 


©) lim GF cx) |) = 0. 


|a|— co 


Proof We begin by proving (b). Suppose «œ € F and |a| > ||T||. Then 


10.35 fs = a(1 F 


Because ||T/«|| < 1, the equation above and 10.22 imply that T — «I is invertible, 
completing the proof of (b). 

Using the definition of spectrum, (a) now follows immediately from (b). 

To prove (c), again suppose a € F and |a| > ||T||. Then 10.35 and 10.22 imply 


1 & TĚ 
Da 


k=0 


(T= as 


Thus 


I(T -al)*|| < 


A 
alr 
M 


1 
a 


a| = [TI 
The inequality above implies (c), completing the proof. 


The set of eigenvalues of a bounded operator on a Hilbert space can be any 
bounded subset of F, even a nonmeasurable set (see Exercise 3). In contrast, the next 
result shows that the spectrum of a bounded operator is a closed subset of F. This 
result provides one indication that the spectrum of an operator may be a more useful 
set than the set of eigenvalues. 
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10.36 spectrum is closed 


The spectrum of a bounded operator on a Banach space is a closed subset of F. 


Proof Suppose T is a bounded operator on a Banach space V. Suppose «1, &2,... 
is a sequence in sp(T)) that converges to some a € F. Thus each T — aI is not 


invertible and 
lim (T — nI) =T — al. 
n—- oo 


The set of noninvertible elements of B(V) is a closed subset of B(V) (by 10.25). 
Hence the equation above implies that T — «œI is not invertible. In other words, 
a € sp(T), which implies that sp(T) is closed. 


Our next result provides the key tool used in proving that the spectrum of a 
bounded operator on a nonzero complex Hilbert space is nonempty (see 10.38). The 
statement of the next result and the proofs of the next two results use a bit of basic 
complex analysis. Because sp(T) is a closed subset of C (by 10.36), C \ sp(T) is 
an open subset of C and thus it makes sense to ask whether the function in the result 
below is analytic. 

To keep things simple, the next two results are stated for complex Hilbert spaces. 
See Exercise 6 for the analogous results for complex Banach spaces. 


10.37 analyticity of (T — «1)~1 


Suppose T is a bounded operator on a complex Hilbert space V. Then the function 


(owe 


is analytic on C \ sp(T) for every f,g € V. 


Proof Suppose 6 € C \ sp(T). Then for a € C with |æ — B| <1/||(T — BI)“}||, 
we see from 10.22 that I — (a — B)(T — BI)~1 is invertible and 


(1 (e-p)(T- N71) = Ča- B(T- p07. 


Multiplying both sides of the equation above by (T — BI 7 and using the equation 
A~'B~1! = (BA)~! for invertible operators A and B, we get 


foe} 


(T-a)! = $ (a — p} ((T - prt). 


k=0 
Thus for f, g € V, we have 


((T—al)""f,g) = YL (C-e fee- 


The equation above shows that the function # +> ((T —al)"'f, g) has a power se- 
ries expansion as powers of a — p for « near p. Thus this function is analytic near £. 


Section 10B Spectrum 297 


A major result in finite-dimensional 
linear algebra states that every operator 
on a nonzero finite-dimensional complex 
vector space has an eigenvalue. We have 
seen examples showing that this result 
does not extend to bounded operators on 
complex Hilbert spaces. However, the 
next result is an excellent substitute. Al- 
though a bounded operator on a nonzero 
complex Hilbert space need not have an eigenvalue, the next result shows that for 
each such operator T, there exists ~ € C such that T — «I is not invertible. 


The spectrum of a bounded operator 
on a nonzero real Hilbert space can 
be the empty set. This can happen 
even in finite dimensions, where an 


operator on R? might have no 
eigenvalues. Thus the restriction in 
the next result to the complex case 
cannot be removed. 


10.38 spectrum is nonempty 


The spectrum of a bounded operator on a complex nonzero Hilbert space is a 
nonempty subset of C. 


Proof Suppose T € B(V), where V is a complex Hilbert space with V Æ {0}, and 
sp(T) = Ø. Let f € V with f 4 0. Take g = T~'f in 10.37. Because sp(T) = Ø, 
10.37 implies that the function 


ars ((T— aI) f,T If) 


is analytic on all of C. The value of the function above at x = 0 equals the average 
value of the function on each circle in C centered at 0 (because analytic functions 
satisfy the mean value property). But 10.34(c) implies that this function has limit 0 
as |a| — co. Thus taking the average over large circles, we see that the value of the 
function above at æ = 0 is 0. In other words, 


(Tr) =0. 


Hence T7! f = 0. Applying T to both sides of the equation T! f = 0 shows that 
f =, which contradicts our assumption that f # 0. This contradiction means that 
our assumption that sp(T) = Ø was false, completing the proof. 


10.39 Definition p(T) 


Suppose T is an operator on a vector space V and p is a polynomial with coeffi- 
cients in F: 
plz) = bo + yz a e 


Then p(T) is the operator on V defined by 


Doyle yt et ae 


You should verify that if p and q are polynomials with coefficients in F and T is 


an operator, then 
(pq)(T) = p(T) q(T). 
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The next result provides a nice way to compute the spectrum of a polynomial 
applied to an operator. For example, this result implies that if T is a bounded operator 
on a complex Banach space, then the spectrum of T? consists of the squares of all 
numbers in the spectrum of T. 

As with the previous result, the next result fails on real Banach spaces. As you 
can see, the proof below uses factorization of a polynomial with complex coefficients 
as the product of polynomials with degree 1, which is not necessarily possible when 
restricting to the field of real numbers. 


10.40 Spectral Mapping Theorem 


Suppose T is a bounded operator on a complex Banach space and p is a 


polynomial with complex coefficients. Then 


sp(p(T)) = p(sp(T)). 


Proof If p is a constant polynomial, then both sides of the equation above consist 
of the set containing just that constant. Thus we can assume that p is a nonconstant 
polynomial. 

First suppose a € sp(p(T)). Thus p(T) — al is not invertible. By the Funda- 
mental Theorem of Algebra, there exist c, 61, . . - Bn E C with c Æ 0 such that 


10.41 p(z) — « =c(z— Bi) ++- (z — Bu) 
for all z € C. Thus 


p(T) — al = c(T — p11) -+ (T — Bul). 


The left side of the equation above is not invertible. Hence T — B,J is not invertible 
for some k € {1,...,n}. Thus 6; € sp(T). Now 10.41 implies p(f;) = a. Hence 


« € p(sp(T)), completing the proof that sp(p(T)) C p(sp(T)). 

To prove the inclusion in the other direction, now suppose 6 € sp(T). The 
polynomial z ++ p(z) — p(f) has a zero at 6. Hence there exists a polynomial q 
with degree 1 less than the degree of p such that 


p(z) — p(B) = (z— B)aq(z) 
for all z € C. Thus 


10.42 p(T) — p(B)! = (T — BI)q(T) 
and 
10.43 p(T) — p(B) = 4(T)(T — Bl). 


Because T — I is not invertible, T — 6I is not surjective or T — BI is not injective. 
If T — BI is not surjective, then 10.42 shows that p(T) — p(B) is not surjective. If 
T — BI is not injective, then 10.43 shows that p(T) — p(B)J is not injective. Either 
way, we see that p(T) — p(B)J is not invertible. Thus p(B) € sp(p(T)), completing 


the proof that sp(p(T)) > p(sp(T)). 
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Self-adjoint Operators 


In this subsection, we look at a nice special class of bounded operators. 


10.44 Definition self-adjoint 


A bounded operator T on a Hilbert space is called self-adjoint if T* = T. 


The definition of the adjoint implies that a bounded operator T on a Hilbert space 
V is self-adjoint if and only if (Tf, g) = (f, Tg) for all f,g € V. See Exercise 7 for 
an interesting result regarding this last condition. 


10.45 Example self-adjoint operators 


e Suppose b1, b2,... is a bounded sequence in F. Define a bounded operator 
T: Ê > Ê by 
T(a1,a2,...) = (a1b1,a2b2,...). 
Then T*: Ê — £ is the operator defined by 


T* (a1,42,...) = (a1b1,a2b2,...). 
Hence T is self-adjoint if and only if by € R for all k € Z+. 


e More generally, suppose (X, S, u) is a o-finite measure space and h € L” (u). 
Define a bounded operator My € B(L?(u)) by Myf = fh. Then M;,* = Mr. 
Thus M; is self-adjoint if and only if w({x € X : h(x) € R}) =0. 


e Suppose n € Z*, K is an n-by-n matrix, and Zg: F” — F” is the operator of 
matrix multiplication by K (thinking of elements of F” as column vectors). Then 
(Zx)* is the operator of multiplication by the conjugate transpose of K, as shown 
in Example 10.10. Thus Zx is a self-adjoint operator if and only if the matrix K 
equals its conjugate transpose. 


e More generally, suppose (X, S, u) is a o-finite measure space, K € £? (u x yu), 
and Zx is the integral operator on L? (u) defined in Example 10.5. Define 
K*: X x X > F by K*(y,x) = K(x,y). Then (Zx)* is the integral operator 
induced by K*, as shown in Example 10.5. Thus if K* = K, or in other words if 
K(x,y) = K(y, x) for all (x,y) € X x X, then Zx is self-adjoint. 


Suppose U is a closed subspace of a Hilbert space V. Recall that Py denotes the 
orthogonal projection of V onto U (see Section 8B). We have 


(Puf,g) = (Puf, Pug + (I — Pu)g) 
= (Puf, Pug) 
= (f — (I — Pu)f, Pug) 
= (f, Pug), 


where the second and fourth equalities above hold because of 8.37(a). The 
equation above shows that Pi; is a self-adjoint operator. 
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For real Hilbert spaces, the next result requires the additional hypothesis that T 
is self-adjoint. To see that this extra hypothesis cannot be eliminated, consider the 
operator T: R? — R? defined by T(x,y) = (—y,x). Then, T Æ 0, but with the 
standard inner product on R?, we have (Tf, f} = 0 for all f € R? (which you can 
verify either algebraically or by thinking of T as counterclockwise rotation by a right 
angle). 


10.46 (Tf, f) =Ofor all f implies T = 0 


Suppose V is a Hilbert space, T € B(V), and (Tf, f} = 0 for all f € V. 
(a) IfF = C, then T = 0. 
(b) If F = Rand T is self-adjoint, then T = 0. 


Proof First suppose F = C. If g,h € V, then 


(Tg,h) = (T(g +h),g +h) - (T(g—h),g—h) 


as can be verified by computing the right side. Our hypothesis that (Tf, f) = 0 
for all f € V implies that the right side above equals 0. Thus (Tg,h) = 0 for all 
gh € V. Taking h = Tg, we can conclude that T = 0, which completes the proof 
of (a). 

Now suppose F = R and T is self-adjoint. Then 


ma igm = Pith) th) ; set), 
this is proved by computing the right side using the equation 


(Th, g) = (h, Tg) = (Tg,h), 


where the first equality holds because T is self-adjoint and the second equality holds 
because we are working in a real Hilbert space. Each term on the right side of 10.47 
is of the form (Tf, f} for appropriate f. Thus (Tg,h) = 0 for all g,h € V. This 
implies that T = 0 (take h = Tg), completing the proof of (b). 


Some insight into the adjoint can be obtained by thinking of the operation T +> T* 
on B(V) as analogous to the operation z +» Z on C. Under this analogy, the 
self-adjoint operators (characterized by T* = T) correspond to the real numbers 
(characterized by Z = z). The first two bullet points in Example 10.45 illustrate this 
analogy, as we saw that a multiplication operator on L?(p) is self-adjoint if and only 
if the multiplier is real-valued almost everywhere. 

The next two results deepen the analogy between the self-adjoint operators and 
the real numbers. First we see this analogy reflected in the behavior of (Tf, f}, and 
then we see this analogy reflected in the spectrum of T. 
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10.48 self-adjoint characterized by (Tf, f) 


Suppose T is a bounded operator on a complex Hilbert space V. Then T is 
self-adjoint if and only if 
Clg ER 


for all f € V. 


Proof Let f € V. Then 


TEP -TELA ed) = TEF = TFA = T- TFS) 


If (Tf, f) € R for every f € V, then the left side of the equation above equals 0, so 
((T — T*)f, f} = 0 for every f € V. This implies that T — T* = 0 [by 10.46(a)]. 
Hence T is self-adjoint. 

Conversely, if T is self-adjoint, then the right side of the equation above equals 
0, so (Tf, f} = (Tf, f) for every f € V. This implies that (Tf, f} € R for every 
f € V, as desired. 


10.49 self-adjoint operators have real spectrum 


Suppose T is a bounded self-adjoint operator on a Hilbert space. Then 
sp(T) CR. 


Proof The desired result holds if F = R because the spectrum of every operator on 
a real Hilbert space is, by definition, contained in R. 

Thus we assume that T is a bounded operator on a complex Hilbert space V. 
Suppose «4, 6 € R, with 6 Æ 0. If f € V, then 


I(T- @ + BANFF = KE- (+ BIDS) | 
= (TF, f} — allfll? — BILFA?é| 
> [BI If’, 


where the first inequality comes from the Cauchy—Schwarz inequality (8.11) and the 
last inequality holds because (Tf, f) — «|| f ||? € R (by 10.48). 
The inequality above implies that 


J 
|2| 


for all f € V. Now the equivalence of (a) and (b) in 10.29 shows that T — (a + pi)I 
is left invertible. 

Because T is self-adjoint, the adjoint of T — (œ + Bi)I is T — (a — Bi)I, which 
is left invertible by the same argument as above (just replace B by — 6). Hence 
T — (a + i)! is right invertible (because its adjoint is left invertible). Because the 
operator T — (a + fi)! is both left and right invertible, it is invertible. In other words, 
a + Bi ¢ sp(T). Thus sp(T) C R, as desired. 


fll < yli (T — (e + BOYS 
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We showed that a bounded operator on a complex nonzero Hilbert space has a 
nonempty spectrum. That result can fail on real Hilbert spaces (where by definition 
the spectrum is contained in R). For example, the operator T on R? defined by 
T(x,y) = (—y,x) has empty spectrum. However, the previous result and 10.38 can 
be used to show that every self-adjoint operator on a nonzero real Hilbert space has 
nonempty spectrum (see Exercise 9 for the details). 

Although the spectrum of every self-adjoint operator is nonempty, it is not true that 
every self-adjoint operator has an eigenvalue. For example, the self-adjoint operator 
Mx € B(L?((0,1])) defined by (Mxf) (x) = xf (x) has no eigenvalues. 


Normal Operators 


Now we consider another nice special class of operators. 


10.50 Definition normal operator 


A bounded operator T on a Hilbert space is called normal if it commutes with its 


adjoint. In other words, T is normal if 


ia ue — elias 


Clearly every self-adjoint operator is normal, but there exist normal operators that 
are not self-adjoint, as shown in the next example. 


10.51 Example normal operators 


e Suppose ji is a positive measure, h € L(y), and Mp € B(L?(y)) is the 
multiplication operator defined by M, f = fh. Then M,* = M;, which means 
that M; is self-adjoint if h is real valued. If F = C, then h can be complex 
valued and M; is not necessarily self-adjoint. However, 


Mp” Mn = Min = M,M),* 


and thus M; is anormal operator even when h is complex valued. 


Suppose T is the operator on F* whose matrix with respect to the standard basis 


is 
2 —3 
3 2 : 

Then T is not self-adjoint because the matrix above is not equal to its conjugate 


transpose. However, T*T = 13] and TT* = 13], as you should verify. Because 
T*T = TT*, we conclude that T is a normal operator. 


10.52 Example an operator that is not normal 

Suppose T is the right shift on ¢?; thus T(a1,42,...) = (0,44,42,...). Then T* 
is the left shift: T*(a1,a2,...) = (az,43,...). Hence T*T is the identity operator 
on ¢? and TT* is the operator (a1, @2,43,...) +> (0,42, 43,...). Thus T*T A TT*, 
which means that T is not a normal operator. 
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10.53 normal in terms of norms 


Suppose T is a bounded operator on a Hilbert space V. Then T is normal if and 


only if 
TAI = IT*F]| 


for all f € V. 


Proof Iff € V, then 
ITA = ITA = (TF. TF) — (TPT) = (T°T = TT"), f). 


If T is normal, then the right side of the equation above equals 0, which implies that 
the left side also equals 0 and hence ||Tf|| = || T*f||. 

Conversely, suppose ||Tf|| = |/T*f|| for all f € V. Then the left side of the 
equation above equals 0, which implies that the right side also equals 0 for all f € V. 
Because T*T — TT* is self-adjoint, 10.46 now implies that T*T — TT* = 0. Thus 
T is normal, completing the proof. 


Each complex number can be written in the form a + bi, where a and b are real 
numbers. Part (a) of the next result gives the analogous result for bounded operators 
on a complex Hilbert space, with self-adjoint operators playing the role of real 
numbers. We could call the operators A and B in part (a) the real and imaginary parts 
of the operator T. Part (b) below shows that normality depends upon whether these 
real and imaginary parts commute. 


10.54 operator is normal if and only if its real and imaginary parts commute 


Suppose T is a bounded operator on a complex Hilbert space V. 


(a) There exist unique self-adjoint operators A, B on V such that T = A + iB. 


(b) T is normal if and only if AB = BA, where A, B are as in part (a). 


Proof Suppose T = A + iB, where A and B are self-adjoint. Then T* = A — iB. 
Adding these equations for T and T* and then dividing by 2 produces a formula for 
A; subtracting the equation for T* from the equation for T and then dividing by 2i 
produces a formula for B. Specifically, we have 


which proves the uniqueness part of (a). The existence part of (a) is proved by 
defining A and B by the equations above and noting that A and B as defined above 
are self-adjoint and T = A + iB. 
To prove (b), verify that if A and B are defined as in the equations above, then 
T*T — TT 
2i ` 


AB — BA = 


Thus AB = BA if and only if T is normal. 
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An operator on a finite-dimensional vector space is left invertible if and only if 
it is right invertible. We have seen that this result fails for bounded operators on 
infinite-dimensional Hilbert spaces. However, the next result shows that we recover 
this equivalency for normal operators. 


10.55 invertibility for normal operators 


Suppose V is a Hilbert space and T € B(V) is normal. Then the following are 
equivalent: 


(a) T is invertible. 
(b) T is left invertible. 
T is right invertible. 
T is surjective. 
T is injective and has closed range. 
T*T is invertible. 


TT* is invertible. 


Proof Because T is normal, (f) and (g) are clearly equivalent. From 10.29, we know 
that (f), (b), and (e) are equivalent to each other. From 10.31, we know that (g), 
(c), and (d) are equivalent to each other. Thus (b), (c), (d), (e), (f), and (g) are all 
equivalent to each other. 

Clearly (a) implies (b). 

Suppose (b) holds. We already know that (b) and (c) are equivalent; thus T is left 
invertible and T is right invertible. Hence T is invertible, proving that (b) implies (a) 
and completing the proof that (a) through (g) are all equivalent to each other. 


The next result shows that a normal operator and its adjoint have the same eigen- 
vectors, with eigenvalues that are complex conjugates of each other. This result can 
fail for operators that are not normal. For example, 0 is an eigenvalue of the left shift 
on Æ but its adjoint the right shift has no eigenvectors and no eigenvalues. 


10.56 T normal and Tf = «f implies T* f = xf 


Suppose T is a normal operator on a Hilbert space V, œ € F, and f € V. Then a 


is an eigenvalue of T with eigenvector f if and only if g is an eigenvalue of T* 
with eigenvector f. 


Proof Because (T — a1)* = T* — wI and T is normal, T — aI commutes with its 
adjoint. Thus T — «I is normal. Hence 10.53 implies that 


I(T — al) fll = |(T* -Df 
Thus (T — aI) f = 0 if and only if (T* — #1) f = 0, as desired. 
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Because every self-adjoint operator is normal, the following result also holds for 
self-adjoint operators. 


10.57 orthogonal eigenvectors for normal operators 


Eigenvectors of a normal operator corresponding to distinct eigenvalues are 
orthogonal. 


Proof Suppose « and f are distinct eigenvalues of a normal operator T, with 
corresponding eigenvectors f and g. Then 10.56 implies that T* f = af. Thus 


(B—a)(g, f) = (Bg, f) — (g,@f) = (Ts, f) — (8 Tf) = 0. 


Because a Æ ß, the equation above implies that (g, f} = 0, as desired. 


Isometries and Unitary Operators 


10.58 Definition isometry; unitary operator 


Suppose T is a bounded operator on a Hilbert space V. 


e T is called an isometry if ||T f || = || f|| for every f € V. 


e T is called unitary if T*T = TT* = 1. 


10.59 Example isometries and unitary operators 


e Suppose T € B(¢*) is the right shift defined by 
T(m, A2, 43, .. .) = (0, A1, 42,43,- J 


Then T is an isometry but is not a unitary operator because TT* Æ I (as is clear 
without even computing T* because T is not surjective). 


Suppose T € B (6 (Z)) is the right shift defined by 
(Tf)(n) = f(n- 1) 


for f: Z — F with >? | f(k)|? < œ. Then T is an isometry and is unitary. 


Suppose bı, b2, .. . is a bounded sequence in F. Define T € B(¢?) by 
T(a1,a2,...) = (a1b1,a2b2,...). 


Then T is an isometry if and only if T is unitary if and only if |b,| = 1 for all 
keZt, 


e More generally, suppose (X, S, u) is a o-finite measure space and h € L” (u). 
Define Mp € B(L?(1)) by Myf = fh. Then T is an isometry if and only if T 
is unitary if and only if u({x € X : |h(x)| A 1}) =0. 
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By definition, isometries preserve norms. The equivalence of (a) and (b) in the 
following result shows that isometries also preserve inner products. 


10.60 isometries preserve inner products 


Suppose T is a bounded operator on a Hilbert space V. Then the following are 
equivalent: 


(a) T is an isometry. 
(b) (Tf,Tg) = (f,Q) forall f,g E€ V. 
@) Fer = 1, 


(d) {Te;,},er is an orthonormal family for every orthonormal family {e,},er 
in V. 


(e) {Te,},er is an orthonormal family for some orthonormal basis {e,},er 
of V. 


Proof Iff € V, then 


ITFI? = II = (TETA - Ff) = TT- DF, f). 
Thus ||Tf|| = ||f|| for all f € V if and only if the right side of the equation above 
is 0 for all f € V. Because T*T — I is self-adjoint, this happens if and only if 
T*T — I =0 (by 10.46). Thus (a) is equivalent to (c). 

If T*T = I, then (Tf,Tg) = (T*Tf,g) = (f,g) for all f,g € V. Thus (c) 
implies (b). 

Taking g = f in (b), we see that (b) implies (a). Hence we now know that (a), (b), 
and (c) are equivalent to each other. 

To prove that (b) implies (d), suppose (b) holds. If {e,}xer is an orthonormal 
family in V, then (Tej, Tex) = (e;,ex) for all j,k € T, and thus {Te,}xer is an 
orthonormal family in V. Hence (b) implies (d). 

Because V has an orthonormal basis (see 8.67 or 8.75), (d) implies (e). 

Finally, suppose (e) holds. Thus {Te,},er is an orthonormal family for some 
orthonormal basis {e,},cr of V. Suppose f € V. Then by 8.63(a) we have 

f=} (fee; 
jer 
which implies that 
jer 
Thus if k € T, then 


(T*Tf er) = } ey Teer) = } (frej) ea Tek) = (fek) 
je jet 
where the last equality holds because (Te;, Te.) equals 1 if j = k and equals 0 
otherwise. Because the equality above holds for every e, in the orthonormal basis 
{ex}ker, we conclude that T*T f = f. Thus (e) implies (c), completing the proof. 
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The equivalence between (a) and (c) in the previous result shows that every unitary 
operator is an isometry. 

Next we have a result giving conditions that are equivalent to being a unitary 
operator. Notice that parts (d) and (e) of the previous result refer to orthonormal 
families, but parts (f) and (g) of the following result refer to orthonormal bases. 


10.61 unitary operators and their adjoints are isometries 


Suppose T is a bounded operator on a Hilbert space V. Then the following are 
equivalent: 


(a) T is unitary. 

(b) T is a surjective isometry. 
T and T* are both isometries. 
T* is unitary. 
T is invertible and T~! = T*. 


{Tek }ker is an orthonormal basis of V for every orthonormal basis {ek }ķer 
of V. 


{Tex }ker is an orthonormal basis of V for some orthonormal basis {ex }xer 
of V. 


Proof The equivalence of (a), (d), and (e) follows easily from the definition of 
unitary. 

The equivalence of (a) and (c) follows from the equivalence in 10.60 of (a) and (c). 

To prove that (a) implies (b), suppose (a) holds, so T is unitary. As we have 
already noted, this implies that T is an isometry. Also, the equation TT* = I implies 
that T is surjective. Thus (b) holds, proving that (a) implies (b). 

Now suppose (b) holds, so T is a surjective isometry. Because T is surjective and 
injective, T is invertible. The equation T*T = I [which follows from the equivalence 
in 10.60 of (a) and (c)] now implies that T! = T* Thus (b) implies (e). Hence at 
this stage of the proof, we know that (a), (b), (c), (d), and (e) are all equivalent to 
each other. 

To prove that (b) implies (f), suppose (b) holds, so T is a surjective isometry. 
Suppose {e;}xer is an orthonormal basis of V. The equivalence in 10.60 of (a) and (d) 
implies that { Te, }ķer is an orthonormal family. Because {e,},er is an orthonormal 
basis of V and T is surjective, the closure of the span of {Te,};cr equals V. Thus 
{Tek }ker is an orthonormal basis of V, which proves that (b) implies (f). 

Obviously (f) implies (g). 

Now suppose (g) holds. The equivalence in 10.60 of (a) and (e) implies that T 
is an isometry, which implies that the range of T is closed. Because {Tex }ķer is an 
orthonormal basis of V, the closure of the range of T equals V. Thus T is a surjective 
isometry, proving that (g) implies (b) and completing the proof that (a) through (g) 
are all equivalent to each other. 
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The equations T*T = TT* = I are analogous to the equation |z|? = 1 for z € C. 
We now extend this analogy to the behavior of the spectrum of a unitary operator. 


10.62 spectrum of a unitary operator 


Suppose T is a unitary operator on a Hilbert space. Then 


sp(T) C {a E€ F: |a| = 1}. 


Proof Suppose a € F with |a| A 1. Then 
(T — w1)*(T — al) = (T* —@I1)(T — al) 


= (1+ |a|?) — (aT* +T) 


aT* + 0T 
10.63 = (1+ |al’)(1- =). 
Looking at the last term in parentheses above, we have 
aT* +aT 2|a| 
10.64 | |< <1, 
1+ |a]? 1+ |a]? 


where the last inequality holds because |a| 4 1. Now 10.64, 10.63, and 10.22 imply 
that (T — a1)* (T — aI) is invertible. Thus T — aI is left invertible. Because T — «I 
is normal, this implies that T — «I is invertible (see 10.55). Hence a ¢ sp(T). Thus 
sp(T) C {a € F: |a| = 1}, as desired. 


As a special case of the next result, we can conclude (without doing any calcula- 
tions!) that the spectrum of the right shift on Æ is {a € F : |a| < 1}. 


10.65 spectrum of an isometry 


Suppose T is an isometry on a Hilbert space and T is not unitary. Then 


SO) = 1e € P3 lel < i1 


Proof Because T is an isometry but is not unitary, we know that T is not surjective 
[by the equivalence of (a) and (b) in 10.61]. In particular, T is not invertible. Thus 
T* is not invertible. 

Suppose a € F with |a| < 1. Because T*T = I, we have 


T*(T — aI) = I — aT*. 


The right side of the equation above is invertible (by 10.22). If T — «I were invertible, 
then the equation above would imply T* = (I — wT*)(T — aI)~1, which would 
make T* invertible as the product of invertible operators. However, the paragraph 
above shows T™ is not invertible. Thus T — aI is not invertible. Hence a € sp(T). 

Thus {a € F : |a| < 1} C sp(T). Because sp(T) is closed (see 10.36), this 
implies {a € F : |x| < 1} C sp(T). The inclusion in the other direction follows 
from 10.34(a). Thus sp(T) = {a € F : |a| < 1}. 
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EXERCISES 10B 


Verify all the assertions in Example 10.33. 

Suppose T is a bounded operator on a Hilbert space V. 

(a) Prove that sp(S~!TS) = sp(T) for all bounded invertible operators S on V. 
(b) Prove that sp(T*) = {@: a € sp(T)}. 

(c) Prove that if T is invertible, then sp(T~!) = {1: « € sp(T)}. 

Suppose E is a bounded subset of F. Show that there exists a Hilbert space V 
and T € B(V) such that the set of eigenvalues of T equals E. 


Suppose E is a nonempty closed bounded subset of F. Show that there exists 
T € B(é) such that sp(T) = E. 


Give an example of a bounded operator T on a normed vector space such that 
for every « € F, the operator T — «I is not invertible. 


Suppose T is a bounded operator on a complex nonzero Banach space V. 


(a) Prove that the function 


a++ ~((T—-al)'f) 
is analytic on C \ sp(T) for every f € V and every ọ € V’. 
(b) Prove that sp(T) 4 Ø. 


Prove that if T is an operator on a Hilbert space V such that (Tf, g) = (f,Tg) 
for all f,g € V, then T is a bounded operator. 


Suppose P is a bounded operator on a Hilbert space V such that P? = P. Prove 
that P is self-adjoint if and only if there exists a closed subspace U of V such 
that P = Py. 


Suppose V is areal Hilbert space and T € B(V). The complexification of T is 
the function Tc: Ve — Vc defined by 


Tc(f tig) = Tf +iTg 
for f,g € V (see Exercise 4 in Section 8B for the definition of Vc). 
(a) Show that Tc is a bounded operator on the complex Hilbert space Vc and 
|Tel] = IIT]. 
(b) Show that Tc is invertible if and only if T is invertible. 
(c) Show that (Tc)* = (T*)c. 
(d) Show that T is self-adjoint if and only if T¢ is self-adjoint. 


(e) Use the previous parts of this exercise and 10.49 and 10.38 to show that if 
T is self-adjoint and V Æ {0}, then sp(T) 4 Ø. 


310 


10 


11 


12 


13 


Chapter 10 Linear Maps on Hilbert Spaces 


Suppose T is a bounded operator on a Hilbert space V such that (Tf, f} > 0 
for all f € V. Prove that sp(T) C [0,00). 


Suppose P is a bounded operator on a Hilbert space V such that P? = P. Prove 
that P is self-adjoint if and only if P is normal. 


Prove that a normal operator on a separable Hilbert space has at most countably 
many eigenvalues. 


Prove or give a counterexample: If T is a normal operator on a Hilbert space and 
T = A + iB, where A and B are self-adjoint, then ||T|| = yv || A||? + ||B]l?. 


A number « € F is called an approximate eigenvalue of a bounded operator T 
on a Hilbert space V if 


14 


15 


16 


17 


18 


19 


20 


21 


inf{||(T — al) fll : f € Vand |f| =1} =0. 


Suppose T is a normal operator on a Hilbert space and « € F. Prove that 
a € sp(T) if and only if « is an approximate eigenvalue of T. 


Suppose T is a normal operator on a Hilbert space. 


(a) Prove that if w is an eigenvalue of T, then |a|* is an eigenvalue of T*T. 
(b) Prove that if « € sp(T), then |a|? € sp(T*T). 


Suppose {e,};¢z+ is an orthonormal basis of a Hilbert space V. Suppose also 
that T is a normal operator on V and e; is an eigenvector of T for every k > 2. 
Prove that e4 is an eigenvector of T. 


Prove that if T is a self-adjoint operator on a Hilbert space, then ||T”|| = || T'||” 
for every n € Z*. 


Prove that if T is a normal operator on a Hilbert space, then ||T"|| = ||T||" for 
every n € Z7. 


Suppose T is an invertible operator on a Hilbert space. Prove that T is unitary if 
and only if ||T]| = ||T~+|| = 1. 


Suppose T is a bounded operator on a complex Hilbert space, with T = A + iB, 
where A and B are self-adjoint (see 10.54). Prove that T is unitary if and only if 
T is normal and A? + B* = I. 

fz = x + yi, where x,y € R, then |z| = 1 ifand only if x? + y? = 1. Thus 
this exercise strengthens the analogy between the unit circle in the complex 
plane and the unitary operators. | 


Suppose T is a unitary operator on a complex Hilbert space such that T — I is 
invertible. Prove that 

cer =e 
is a self-adjoint operator. 
[The function z œ i(z +1)(z —1)7! maps {z € C : |z| = 1} \ {1} ro R. 
Thus this exercise provides another useful illustration of the analogies showing 
unitary X {z € C : |z| = 1} and self-adjoint ~ R.] 
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22 Suppose T is a self-adjoint operator on a complex Hilbert space. Prove that 
(T +iI)(T a1) 


is a unitary operator. 

[The function z œ (z +i)(z—i)~! maps R to {z € C : |z| = 1}\ {1} 
Thus this exercise provides another useful illustration of the analogies showing 
(a) unitary = > {z € C: |z| = 1}; (b) self-adjoint 4—> R.] 


For T a bounded operator on a Banach space, define e by 
œo Tk 
TP 
e¢e=)} w 
k=0 


23 (a) Prove that if T is a bounded operator on a Banach space V, then the infinite 
sum above converges in B(V) and lle" | < ellTll, 


(b) Prove that if S,T are bounded operators on a Banach space V such that 
ST = TS, then e’eT = e°+T, 
(c) Prove that if T is a self-adjoint operator on a complex Hilbert space, then 


e! is unitary. 


A bounded operator T on a Hilbert space is called a partial isometry if 
ITFI = If ll for all f € (null T)~. 


24 Suppose (X, S, u) is a -finite measure space and h € L” (u). As usual, let 
M, € B(L?(u)) denote the multiplication operator defined by Mj, f = fh. 
Prove that M; is a partial isometry if and only if there exists a set E € S such 
that h = xp. 


25 Suppose T is an isometry on a Hilbert space. Prove that T* is a partial isometry. 


26 Suppose T is a bounded operator on a Hilbert space V. Prove that T is a partial 
isometry if and only if T*T = Py for some closed subspace U of V. 
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10C Compact Operators 


The Ideal of Compact Operators 


A rich theory describes the behavior of compact operators, which we now define. 


10.66 Definition compact operator 


e An operator T on a Hilbert space V is called compact if for every bounded 
sequence fi, f2,... in V, the sequence Tfi, Tf2,... has a convergent 
subsequence. 


e The collection of compact operators on V is denoted by C(V). 


The next result provides a large class of examples of compact operators. We will 
see more examples after proving a few more results. 


10.67 bounded operators with finite-dimensional range are compact 


If T is a bounded operator on a Hilbert space and range T is finite-dimensional, 
then T is compact. 


Proof Suppose T is a bounded operator on a Hilbert space V and range T is 
finite-dimensional. Suppose e4, .. . , €m is an orthonormal basis of range T (a finite 
orthonormal basis of range T exists because the Gram-Schmidt process applied to 
any basis of range T produces an orthonormal basis; see the proof of 8.67). 

Now suppose fi, f2,... is a bounded sequence in V. For each n € Z+, we have 


Thn = (T fn,e1)61 a oe E (Tfn, em}em- 
The Cauchy-Schwarz inequality shows that |(Tfn,e;)| < ||T|| sup ||fkl| for every 
keZt 


n € Zt andj € {1,...,m}. Thus there exists a subsequence fins fy, -- - Such that 
limj—oo(T fn} €j) exists in F for each j € {1,...,m}. The equation displayed above 
now implies that limj_,.. T fn, exists in V. Thus T is compact. 


Not every bounded operator is compact. For example, the identity map on an 
infinite-dimensional Hilbert space is not compact (to see this, consider an orthonormal 
sequence, which does not have a convergent subsequence because the distance 
between any two distinct elements of the orthonormal sequence is V2). 


10.68 compact operators are bounded 


Every compact operator on a Hilbert space is a bounded operator. 


Proof We show that if T is an operator that is not bounded, then T is not compact. 
To do this, suppose V is a Hilbert space and T is an operator on V that is not bounded. 
Thus there exists a bounded sequence fi, f2,... in V such that limy—+0||T fn|| = œ. 
Hence no subsequence of T f1, T f2, . . . converges, which means T is not compact. 
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If V is a Hilbert space, then a two- 
sided ideal of B(V) is a subspace of 
B(V) that is closed under multiplication 
on either side by bounded operators on V. 
The next result states that the set of com- 
pact operators on V is a two-sided ideal 
of B(V) that is closed in the topology on 
B(V) that comes from the norm. 


If V is finite-dimensional, then the 
only two-sided ideals of B (V) are 
{0} and B(V). In contrast, if V is 


infinite-dimensional, then the next 
result shows that B(V) has a closed 
two-sided ideal that is neither {0} 
nor V. 


10.69 C(V) is a closed two-sided ideal of B(V) 


Suppose V is a Hilbert space. 


(a) C(V) is a closed subspace of 8 (V). 
(b) If T € C(V) and S € B(V), then ST € C(V) and TS € C(V). 


Proof Suppose f1, f2,... is a bounded sequence in V. 

To prove that C(V) is closed under addition, suppose S,T € C(V). Because 
S is compact, Sfi, S f2, ... has a convergent subsequence Sfn,,Sfny,.... Because 
T is compact, some subsequence of Tfn, Tfn,- converges. Thus we have a 
subsequence of (S + T) fi, (S + T) fo,... that converges. Hence S +T € C(V). 

The proof that C (V) is closed under scalar multiplication is easier and is left to 
the reader. Thus we now know that C (V) is a subspace of B(V). 

To show that C (V) is closed in B(V), suppose T € B(V) and there is a sequence 
Ti, Tz,... in C(V) such that limyn—00||T — Tm || = 0. To show that T is compact, we 
need to show that Tfn,,Tfny,-.. is a Cauchy sequence for some increasing sequence 
of positive integers ny < n? <». 

Because T} is compact, there is an infinite set Z; C Z* with | Tif; — Ti fx|| < 1 
for all j,k € Z1. Let nı be the smallest element of Z4. 

Now suppose m € Z* with m > 1 and an infinite set Zm-1 C Z* and 
Nm—1 E€ Zm—1 have been chosen. Because T, is compact, there is an infinite set 
Zm C Zm—1 with 

Il Tn fj = Tm fell < 1 
for all j,k € Zm. Let nm be the smallest element of Zm such that nm > nNm—1- 

Thus we produce an increasing sequence n4 < nz < --- of positive integers and 
a decreasing sequence Z1 D Z2 D --- of infinite subsets of Z+. 

If m € Z* and j,k > m, then 


IT fn; — Tfngll < T fa; — Tmfa; | + | Tn; — Tm fing ll + || Tmfn — Tfal 
< [IT = Ta (I fajll + Mfl) + F 


We can make the first term on the last line above as small as we want by choosing 
m large (because liMmm—œ||T — Tm|| = 0 and the sequence fi, f2, . . . is bounded). 
Thus T fms T fins ...1S a Cauchy sequence, as desired, completing the proof of (a). 

To prove (b), suppose T € C(V) and S € B(V). Hence some subsequence of 
Tfi T fo,... converges, and applying S to that subsequence gives another convergent 
sequence. Thus ST € C(V). Similarly, S f4, S f2, . . . is a bounded sequence, and thus 
T(Sf1), T(Sf2),... has a convergent subsequence; thus TS € C(V). 
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The previous result now allows us to see many new examples of compact operators. 


10.70 compact integral operators 


Suppose (X, S, u) is a -finite measure space, K € L*(p x u), and Tx is the 
integral operator on L?(1) defined by 


(EANG) = f K)f) duly) 


for f € L? (u) and x € X. Then Tx is a compact operator. 


Proof Example 10.5 shows that Zx is a bounded operator on L? (y). 
First consider the case where there exist g, h € L? (u) such that 


10.71 K(x,y) = g(x)h(y) 
for almost every (x,y) € X x X. In that case, if f € L? (u) then 


(Tkf)(x) = I g(x)h(y) f(y) duly) = (fh) g(x) 


for almost every x € X. Thus Zxf = (f,)g. In other words, Zx has a one- 
dimensional range in this case (or a zero-dimensional range if g = 0). Hence 10.67 
implies that Zx is compact. 

Now consider the case where K is a finite sum of functions of the form given by 
the right side of 10.71. Then because the set of compact operators on V is closed 
under addition [by 10.69(a)], the operator Zx is compact in this case. 

Next, consider the case of K € L?(u x u) such that K is the limit in L? (u x y) 
of a sequence of functions K1, K2,..., each of which is of the form discussed in the 
previous paragraph. Then 


\|Zx — Tx, |] = |Zx-K, |] < IIK — Kull. 


where the inequality above comes from 10.8. Thus Zx = limn-0Zx,. By the 
previous paragraph, each Zx,, is compact. Because the set of compact operators is a 
closed subset of B(V) [by 10.69(a)], we conclude that Zx is compact. 

We finish the proof by showing that the case considered in the previous paragraph 
includes all K € L*(y x p). To do this, suppose F € L? (u x u) is orthogonal to all 
the elements of L?(j x y) of the form considered in the previous paragraph. Thus 


o= f SOFE dxa æy) = f g) f WyFy) duly) du) 


forall g,h € L? (u) where we have used Tonelli’s Theorem, Fubini’s Theorem, and 
Hölder’s inequality (with p = 2). For fixed h € L(y), the right side above equalling 
0 for all g € L? (u) implies that 


[ MME a) duly) = 0 


for almost every x € X. Now F(x,y) = 0 for almost every (x,y) € X x X [because 
the equation above holds for all h € L?( u)], which by 8.42 completes the proof. 
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As a special case of the previous result, we can now see that the Volterra operator 
V: L*([0,1]) — L?((0,1]) defined by 


WA) = fF 


is compact. This holds because, as shown in Example 10.15, the Volterra operator is 
an integral operator of the type considered in the previous result. 

The Volterra operator is injective [because differentiating both sides of the equation 
i f = 0 with respect to x and using the Lebesgue Differentiation Theorem (4.19) 
shows that f = 0]. Thus the Volterra operator is an example of a compact operator 
with infinite-dimensional range. The next example provides another class of compact 
operators that do not necessarily have finite-dimensional range. 


10.72 Example compact multiplication operators on Ê 


Suppose b4, b2, . . . is a sequence in F such that liMp—oo bn = 0. Define a bounded 
linear map T: (2 > @ by 


T(a1,42,...) = (a1by,a2b2,...) 
and for n € Zt, define a bounded linear map T,: ¢2 — Æ by 
Tn (41,42, ae 2) = (a,b, abs, ss ,anbn, 0,0, pi .). 


Note that each T, is a bounded operator with finite-dimensional range and thus is 
compact (by 10.67). The condition limy— 00 bn = 0 implies that limno Tn = T. 
Thus T is compact because C (V) is a closed subset of B(V) [by 10.69(a)]. 


The next result states that an operator is compact if and only if its adjoint is 
compact. 


10.73 T compact <> T* compact 


Suppose T is a bounded operator on a Hilbert space. Then T is compact if and 
only if T* is compact. 


Proof First suppose T is compact. We want to prove that T* is compact. To do 
this, suppose f1, f2,... is a bounded sequence in V. Because TT* is compact [by 
10.69(b)], some subsequence TT* f,,,, TT* fny,... converges. Now 


||P" fn, 7 T* fall? = (T* (fn; — fany) T* (n; — fng) ) 
T (TT* (fn; — fng)» fn, — fn) 
< TT" Gn; = fa) I Mh fn = fall: 


The inequality above implies that T* fn, T* fn», - - - is a Cauchy sequence and hence 
converges. Thus T* is a compact operator, completing the proof that if T is compact, 
then T* is compact. 

Now suppose T* is compact. By the result proved in the paragraph above, (T*)* 
is compact. Because (T*)* = T (see 10.11), we conclude that T is compact. 
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Spectrum of Compact Operator and Fredholm Alternative 


We noted earlier that the identity map on an infinite-dimensional Hilbert space is not 
compact. The next result shows that much more is true. 


10.74 no infinite-dimensional closed subspace in range of compact operator 


The range of each compact operator on a Hilbert space contains no infinite- 
dimensional closed subspaces. 


Proof Suppose T is a bounded operator on a Hilbert space V and U is an infinite- 
dimensional closed subspace contained in range T. We want to show that T is not 
compact. 

Because T is a continuous operator, T~1(Uu) is a closed subspace of V. Let 
S = T|r u) Thus S is a surjective bounded linear map from the Hilbert space 


T~1(U) onto the Hilbert space U [here T~!(U) and U are Hilbert spaces by 6.16(b)]. 
The Open Mapping Theorem (6.81) implies S maps the open unit ball of T~!( U) to 
an open subset of U. Thus there exists r > 0 such that 

10.75 {g€ U: |lgl| <r} c {Tf : f © T1(U) and ||f || < 1}. 

Because U is an infinite-dimensional Hilbert space, there exists an orthonormal 
sequence €41, €2, . . . in U, as can be seen by applying the Gram-Schmidt process (see 
the proof of 8.67) to any linearly independent sequence in U. Each is in the left 
side of 10.75. Thus for each n € Z*, there exists fn € T~!(U) such that || fn] < 1 
and Tf, = =. The sequence fi, f2, . . . is bounded, but the sequence Tfi, T fo,.. . 

rex | _ vr 
2 2 


re; 
has no convergent subsequence because | a for j Æ k. Thus T is 


not compact, as desired. 


Suppose T is a compact operator on an infinite-dimensional Hilbert space. The 
result above implies that T is not surjective. In particular, T is not invertible. Thus 
we have the following result. 


10.76 compact implies not invertible on infinite-dimensional Hilbert spaces 


If T is a compact operator on an infinite-dimensional Hilbert space, then 


0 € sp(T). 


Although 10.74 shows that if T is compact then range T contains no infinite- 
dimensional closed subspaces, the next result shows that the situation differs drasti- 
cally for T — al if a € F \ {0}. 

The proof of the next result makes use of the restriction of T — aI to the closed 
subspace (null(T —al )) 1. As motivation for considering this restriction, recall that 
each f € V can be written uniquely as f = g +h, where g € null(T — a1) and 
h € (null(T — al))~ (see 8.43). Thus (T — wl) f = (T — «I)h, which implies that 


range(T — al) = (T — al)((null(T — al))~). 
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10.77 closed range 


If T is a compact operator on a Hilbert space, then T — «I has closed range for 
every a € F witha Æ 0. 


Proof Suppose T is a compact operator on a Hilbert space V and & € F is such that 


a #0. 
10.78 Claim: there exists r > 0 such that 
IfI <rl|(T — a1) f|| for all f € (null(T — al))*. 


To prove the claim above, suppose it is false. Then for each n € Z*, there exists 
fn € (null(T — al))~ such that 


lfa =1 and ||(T—al) full < 3- 
Because T is compact, there exists a subsequence T fn, T fn,, - . . such that 
10.79 jim. Th, =g 
for some g € V. Subtracting the equation 


10.80 lim (T — al) fn, =0 


k-o0 
from 10.79 and then dividing by a shows that 


lim = 1ọ, 
jim fn aS 


The equation above implies ||g|| = |a|; hence g 4 0. Each fn, € (null(T — al))~; 
hence we also conclude that g € (null(T —al )) Applying T — aI to both sides of 
the equation above and using 10.80 shows that g € null(T — wI). Thus g is a nonzero 
element of both null(T — «I ) and its orthogonal complement. This contradiction 
completes the proof of the claim in 10.78. 

To show that range(T — aI) is closed, suppose hı, h2,... is a sequence in 
range(T — &I) that converges to some h € V. For each n € Z*, there exists 


fn € (null(T — al))~ such that (T — aI) fy = hy. Because hy, h2,... is a Cauchy 
sequence, 10.78 shows that f1, f2, . . . is also a Cauchy sequence. Thus there exists 
f € V such that limpo fn = f, which implies h = (T — al) f € range(T — al). 
Hence range(T — «I) is closed. 


Suppose T is a compact operator on a Hilbert space V and f € V anda € F \ {0}. 
An immediate consequence (often useful when investigating integral equations) of 
the result above and 10.13(d) is that the equation 


Tg —ag =f 
has a solution g € V if and only if (f, h} = 0 for every h € V such that T*h = wh. 
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10.81 Definition geometric multiplicity 


e The geometric multiplicity of an eigenvalue « of an operator T is defined to 
be the dimension of null(T — «I). 


e In other words, the geometric multiplicity of an eigenvalue a of T is the 
dimension of the subspace consisting of 0 and all the eigenvectors of T 
corresponding to w. 


There exist compact operators for which the eigenvalue 0 has infinite geometric 
multiplicity. The next result shows that this cannot happen for nonzero eigenvalues. 


10.82 nonzero eigenvalues of compact operators have finite multiplicity 


Suppose T is a compact operator on a Hilbert space and a € F with a Æ 0. Then 
null(T — «I) is finite-dimensional. 


Proof Suppose f € null(T — «I). Then f = T(L). Hence f € range T. 
Thus we have shown that null(T — aI) C range T. Because T is continuous, 
null(T — aI) is closed. Thus 10.74 implies that null(T — wT) is finite-dimensional. 


The next lemma is used in our proof of the Fredholm Alternative (10.85). Note 
that this lemma implies that every injective operator on a finite-dimensional vector 
space is surjective (because a finite-dimensional vector space cannot have an infinite 
chain of strictly decreasing subspaces—the dimension decreases by at least 1 in each 
step). Also, see Exercise 10 for the analogous result implying that every surjective 
operator on a finite-dimensional vector space is injective. 


10.83 injective but not surjective 


If T is an injective but not surjective operator on a vector space, then 


range T 2 range Te 2 range T° 2e. 


Proof Suppose T is an injective but not surjective operator on a vector space V. 
Suppose n € Z*. If g € V, then 


Ts = T" (Tg) € range T”. 


Thus range T” D range T"+t, 
To show that the last inclusion is not an equality, note that because T is not 
surjective, there exists f € V such that 


10.84 f ¢ rangeT. 


Now T"f € rangeT”. However, T”"f ¢ rangeT”™! because if g € V and 
T” f =T"*1g, then T”f = T” (Tg), which would imply that f = Tg (because T” 
is injective), which would contradict 10.84. Thus range T” = range TH, 
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Compact operators behave, in some respects, like operators on a finite-dimensional 
vector space. For example, the following important theorem should be familiar to you 
in the finite-dimensional context (where the choice of « = 0 need not be excluded). 


10.85 Fredholm Alternative 


Suppose T is a compact operator on a Hilbert space and a € F with a Æ 0. Then 
the following are equivalent: 


(a) « € sp(T). 


(b) «a is an eigenvalue of T. 


(c) T — al is not surjective. 


Proof Clearly (b) implies (a) and (c) implies (a). 

To prove that (a) implies (b), suppose « € sp(T) but « is not an eigenvalue of T. 
Thus T — a is injective but T — «I is not surjective. Thus 10.83 applied to T — aI 
shows that 


10.86 range(T — aI) 2 range(T — al)? 2 range(T — aI)? e 
If n € Z*, then the Binomial Theorem and 10.69 show that 
(T — aI)" = S + (—a)"I 


for some compact operator S. Now 10.77 shows that range(T — a1)” is a closed 
subspace of the Hilbert space on which T operates. Thus 10.86 implies that for each 
n € Zt, there exists 


10.87 fn € range(T — a1)" N (range(T — a[)ttt)+ 


such that || fn || = 1. 
Now suppose j,k € Z* with j < k. Then 


10.88 Tf; — Th = (T — al) fj — (T—al) fe — afk + af; 


Because f; and fk are both in range(T — al )/, the first two terms on the right side of 
10.88 are in range(T — a1)/+1. Because j + 1 < k, the third term in 10.88 is also in 
range(T — aIt., Now 10.87 implies that the last term in 10.88 is orthogonal to 
the sum of the first three terms. Thus 10.88 leads to the inequality 


ITA = Thell = lafl = lal. 


The inequality above implies that T f4, T f2, . . . has no convergent subsequence, which 
contradicts the compactness of T. This contradiction means the assumption that « is 
not an eigenvalue of T was false, completing the proof that (a) implies (b). 

At this stage, we know that (a) and (b) are equivalent and that (c) implies (a). To 
prove that (a) implies (c), suppose « € sp(T). Thus w € sp(T*). Applying the 
equivalence of (a) and (b) to T*, we conclude that w is an eigenvalue of T*. Thus 
applying 10.13(d) to T — al shows that T — «I is not surjective, completing the proof 
that (a) implies (c). 
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The previous result traditionally has the word alternative in its name because it 
can be rephrased as follows: 


If T is a compact operator on a Hilbert space V and a € F \ {0}, then 
exactly one of the following holds: 


1. the equation Tf = af has a nonzero solution f € V; 


2. the equation g = Tf — wf has a solution f € V for every g € V. 


The next example shows the power of the Fredholm Alternative. In this example, 
we want to show that V — al is invertible for all a € F \ {0}. The verification 
that V — aI is injective is straightforward. Showing that V — wI is surjective would 
require more work. However, the Fredholm Alternative tells us, with no further work, 
that V — al is invertible. 


10.89 Example spectrum of the Volterra operator 


We want to show that the spectrum of the Volterra operator V is {0} (see Example 
10.15 for the definition of V). The Volterra operator V is compact (see the comment 
after the proof of 10.70). Thus 0 € sp(V), by 10.76. 

Suppose a € F \ {0}. To show that « ¢ sp(V), we need only show that « is not 
an eigenvalue of V (by 10.85). Thus suppose f € L*([0,1]) and Vf = wf. Hence 


10.90 [ f= 2Fe) 


for almost every x € [0,1]. The left side of 10.90 is a continuous function of x and 
thus so is the right side, which implies that f is continuous. The continuity of f 
now implies that the left side of 10.90 has a continuous derivative, and thus f has a 
continuous derivative. 

Now differentiate both sides of 10.90 with respect to x, getting 


f(x) = af (x) 
for all x € (0,1). Standard calculus shows that the equation above implies that 
f(x) = cer" 


for some constant c. However, 10.90 implies that the continuous function f must 
satisfy the equation f (0) = 0. Thus c = 0, which implies f = 0. 

The conclusion of the last paragraph shows that « is not an eigenvalue of V. The 
Fredholm Alternative (10.85) now shows that « ¢ sp(V). Thus sp(V) = {0}. 


If a is an eigenvalue of an operator T on a finite-dimensional Hilbert space, 
then & is an eigenvalue of T*. This result does not hold for bounded operators on 
infinite-dimensional Hilbert spaces. 

However, suppose T is a compact operator on a Hilbert space and « is a nonzero 
eigenvalue of T. Thus a € sp(T), which implies that w € sp(T*) (because a 
bounded operator is invertible if and only if its adjoint is invertible). The Fredholm 
Alternative (10.85) now shows that œ is an eigenvalue of T*. Thus compactness 
allows us to recover the finite-dimensional result (except for the case a = 0). 
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Our next result states that if T is a compact operator and a # 0, then null(T — a) 
and null(T* — wI) have the same dimension (denoted dim). This result about 
the dimensions of spaces of eigenvectors is easier to prove in finite dimensions. 
Specifically, suppose S is an operator on a finite-dimensional Hilbert space V (you 
can think of S = T — wl). Then 


dimnull S = dim V — dim range S = dim(range S)+ = dim null S*, 


where the justification for each step should be familiar to you from finite-dimensional 
linear algebra. This finite-dimensional proof does not work in infinite dimensions 
because the expression dim V — dim range S could be of the form œ — ov. 
Although the dimensions of the two null spaces in the result below are the same, 
even in finite dimensions the two null spaces are not necessarily equal to each other 
(but we do have equality of the two null spaces when T is normal; see 10.56). 
Note that both dimensions in the result below are finite (by 10.82 and 10.73). 


10.91 null spaces of T — «I and T* — XI have same dimensions 


Suppose T is a compact operator on a Hilbert space and a € F with a Æ 0. Then 


dim null(T — aI) = dimnull(T* — g1). 


Proof Suppose dimnull(T — aI) < dimnull(T* — wI). Because null(T* — wI) 
equals (range(T —al )) S there is a bounded injective linear map 


R: null(T — #1) + (range(T — al))~ 
that is not surjective. Let V denote the Hilbert space on which T operates, and let P 
be the orthogonal projection of V onto null(T — wI). Define a linear map S: V > V 
by 
S=T+RP. 
Because RP is a bounded operator with finite-dimensional range, S is compact. Also, 
S— al = (T — aI) + RP. 


Every element of range(T — aI) is orthogonal to every element of range RP. 
Suppose f € V and (S — «I )f = 0. The equation above shows that (T — aI) f = 0 
and RPf = 0. Because f € null(T — af), we see that Pf = f, which then implies 
that Rf = RPf = 0, which then implies that f = 0 (because R is injective). Hence 
S — al is injective. 

However, because R maps onto a proper subset of (range(T —al yy, we see that 
S — aI is not surjective, which contradicts the equivalence of (b) and (c) in 10.85. This 
contradiction means the assumption that dim null(T — aI) < dimnull(T* — wI) 
was false. Hence we have proved that 


10.92 dimnull(T — aI) > dimnull(T* — xI) 


for every compact operator T and every a € F \ {0}. 
Now apply the conclusion of the previous paragraph to T* (which is compact by 
10.73) and w, getting 10.92 with the inequality reversed, completing the proof. 
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The spectrum of an operator on a finite-dimensional Hilbert space is a finite set, 
consisting just of the eigenvalues of the operator. The spectrum of a compact operator 
on an infinite-dimensional Hilbert space can be an infinite set. However, our next 
result implies that if a compact operator has infinite spectrum, then that spectrum 
consists of 0 and a sequence in F with limit 0. 


10.93 spectrum of a compact operator 


Suppose T is a compact operator on a Hilbert space. Then 


{a € sp(T) : |a| > ô} 


is a finite set for every 6 > 0. 


Proof Fix ô > 0. Suppose there exist distinct #1, &2, . . . in sp(T) with |an| > 6 
for every n € Z*. The Fredholm Alternative (10.85) implies that each a, is an 
eigenvalue of T. For n € Z*, let 


Un = null((T — a41)---(T — ænI)). 


and let Up = {0}. Because T is continuous, each U, is a closed subspace of the 
Hilbert space on which T operates. Furthermore, U,_; C Un for each n € Zt 
because operators of the form T — aI and T — «yI commute with each other. 

Ifn € Z* and g is an eigenvector of T corresponding to the eigenvalue a, then 
g € Un but g ¢ U,,_ because 


(T — o1) +++ (T — ay_1Dg = (On — &1) +++ (On — Oy-1)@ #0. 


In other words, we have 
ep Sie, 


Thus for each n € Z+, there exists 
10.94 en E UnN (Gea) 


such that |/e,,|| = 1. 
Now suppose j,k € Z* with j < k. Then 


10.95 Te; — Ter = (T a1 )e; (T alex t Mj] — Aker. 


Because j < k — 1, the first three terms on the right side of 10.95 are in U,_1. Now 
10.94 implies that the last term in 10.95 is orthogonal to the sum of the first three 
terms. Thus 10.95 leads to the inequality 


|| Te; — Tex|] > |laxexl| = lax] = ô. 


The inequality above implies that Te1, Tez, . . . has no convergent subsequence, which 
contradicts the compactness of T. This contradiction means that the assumption that 
sp(T) contains infinitely many elements with absolute value at least ô was false. 
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EXERCISES 10C 


10 


11 


Prove that if T is a compact operator on a Hilbert space V and e1, €72, . . . is an 
orthonormal sequence in V, then limy 500 Ten = 0. 


Prove that if T is a compact operator on L*((0,1]), then lim Vn\||T(x")|l2 = 0, 
n—-oo 
where x” means the element of L*([0,1]) defined by x +> x”. 


Suppose T is a compact operator on a Hilbert space V and fi, fo,... is a 
sequence in V such that limy—+oo( fn, g) = 0 for every g € V. Prove that 
limn=ol||Tfal| = 0. 


Suppose h € L®(R). Define M; € B(L?(R)) by M,f = fh. Prove that if 
Illl > 0, then M; is not compact. 


Suppose (b1, bz,...) € £”. Define T: > $ by 
T (a4, 42,...) = (a,b 1,a2b2,...). 
Prove that T is compact if and only if lim b, =0. 
n—-oo 


Suppose T is a bounded operator on a Hilbert space V. Prove that if there exists 
an orthonormal basis {e,}xer of V such that 


Yili Tell? < œ, 
keT 


then T is compact. 


Suppose T is a bounded operator on a Hilbert space V. Prove that if {ex }ķer 
and { fi } jen are orthonormal bases of V, then 


2 2 
L liTelt = ITAL 
keT jJEQ 


Suppose T is a bounded operator on a Hilbert space. Prove that T is compact if 
and only if T*T is compact. 


Prove that if T is a compact operator on an infinite-dimensional Hilbert space, 
then ||I — T|| > 1. 


Show that if T is a surjective but not injective operator on a vector space V, then 


null T G null T? Ç null T? C TERR 


Suppose T is a compact operator on a Hilbert space and a € F \ {0}. 
(a) Prove that range(T — «I1)”"-1 = range(T — aI)" for some m € Zt. 
(b) Prove that null(T — «I)"~! = null (T — aI)” for some n € Z*. 


(c) Show that the smallest positive integer m that works in (a) equals the 
smallest positive integer n that works in (b). 
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12 


13 


14 


15 


16 


17 


Chapter 10 Linear Maps on Hilbert Spaces 


Prove that if f : [0, 
ous function g: [0, 


] — F is a continuous function, then there exists a continu- 
] — F such that 


fa) =8a)+ [os 


1 
1 


for all x € [0,1]. 


Suppose S is a bounded invertible operator on a Hilbert space V and T is a 
compact operator on V. 


(a) Prove that S + T has closed range. 


(b) Prove that S + T is injective if and only if S + T is surjective. 
(c) Prove that null(S + T) and null(S* + T*) are finite-dimensional. 
(d) Prove that dim null (S + T) = dim null (S* + T*). 


(e) Prove that there exists R € B(V) such that range R is finite-dimensional 
and S + T + R is invertible. 


Suppose T is a compact operator on a Hilbert space V. Prove that range T is a 


separable subspace of V. 


Suppose T is a compact operator on a Hilbert space V and e1,€2,... is an 
orthonormal basis of range T. Let P, denote the orthogonal projection of V 
onto span{e1,..., €n}. 


(a) Prove that lim ||T — P„T|| = 0. 
n—-oo 


(b) Prove that an operator on a Hilbert space V is compact if and only if it is the 
limit in B(V) of a sequence of bounded operators with finite-dimensional 
range. 


Prove that if T is a compact operator on a Hilbert space V, then there exists a 
sequence S4, S2, . . . of invertible operators on V such that lim ||T — S,|| = 0. 
n—- oo 


Suppose T is a bounded operator on a Hilbert space such that p(T) is compact 
for some nonzero polynomial p with coefficients in F. Prove that sp(T) is a 
countable set. 


Suppose T is a bounded operator on a Hilbert space. The algebraic multiplicity 
of an eigenvalue « of T is defined to be the dimension of the subspace 


|) null(T — aI)”. 


n=1 


As an easy example, if T is the left shift as defined in the next exercise, then the 
eigenvalue 0 of T has geometric multiplicity 1 but algebraic multiplicity oo. 


The definition above of algebraic multiplicity is equivalent on finite-dimensional 
spaces to the common definition involving the multiplicity of a root of the charac- 
teristic polynomial. However, the definition used here is cleaner (no determinants 
needed) and has the advantage of working on infinite-dimensional Hilbert spaces. 


18 


19 


20 


21 


22 
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Suppose T € B(@?) is defined by T(a1,@2,43,...) = (a2, a3, A4, . . .). Suppose 
also that æ € F and |a| < 1. 
(a) Show that the geometric multiplicity of a as an eigenvalue of T equals 1. 


(b) Show that the algebraic multiplicity of « as an eigenvalue of T equals oo. 


Prove that the geometric multiplicity of an eigenvalue of a normal operator on a 
Hilbert space equals the algebraic multiplicity of that eigenvalue. 


Prove that every nonzero eigenvalue of a compact operator on a Hilbert space 
has finite algebraic multiplicity. 


Prove that if T is a compact operator on a Hilbert space and « is a nonzero 
eigenvalue of T, then the algebraic multiplicity of a as an eigenvalue of T equals 
the algebraic multiplicity of æ as an eigenvalue of T*. 


Prove that if V is a separable Hilbert space, then the Banach space C(V) is 
separable. 
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10D Spectral Theorem for Compact 
Operators 


Orthonormal Bases Consisting of Eigenvectors 


We begin this section with the following useful lemma. 


10.96 T*T —||T||71 is not invertible 


If T is a bounded operator on a nonzero Hilbert space, then ||T||* € sp(T*T). 


Proof Suppose T is a bounded operator on a nonzero Hilbert space V. Let f1, fo,... 
be a sequence in V such that || fn || = 1 foreach n € Z* and 


10.97 lim ||T fn|| = IIT]: 


n—- oo 


Then 
2 
|TT fn — ITP fn)” = IT T Fall? — 2T TT fa fa) + ITI 


= |T*T fal? — 2T? Tfal? + ITI 


2 


> 


10.98 < 2||T\I* — 2||T ||" IIT fa 


where the last line holds because ||T*Tfn|| < ||T*|| ||T ful] < ||T||*. Now 10.97 
and 10.98 imply that 
lim (T*T — [TIP fn =0. 


Because || fa || = 1 for each n € Z*, the equation above implies that T*T — ||T||71 
is not invertible, as desired. 


The next result indicates one way in which self-adjoint compact operators behave 
like self-adjoint operators on finite-dimensional Hilbert spaces. 


10.99 every self-adjoint compact operator has an eigenvalue. 


Suppose T is a self-adjoint compact operator on a nonzero Hilbert space. Then 
either ||T|| or —||T|| is an eigenvalue of T. 


Proof Because T is self-adjoint, 10.96 states that T? — ||T||*/ is not invertible. Now 
1? — [T= (TIT) (T+ ITM). 


Thus T — ||T||I and T + ||T||I cannot both be invertible. Hence ||T|| € sp(T) or 
—||T|| € sp(T). Because T is compact, 10.85 now implies that ||T|| or —||T|] is an 
eigenvalue of T, as desired, or that ||T || = 0, which means that T = 0, in which case 
0 is an eigenvalue of T. 
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If T is an operator on a vector space V and U is a subspace of V, then T|y is a 
linear map from U to V. For T|ų to be an operator (meaning that it is a linear map 
from a vector space to itself), we need T(U) C U. Thus we are led to the following 
definition. 


10.100 Definition invariant subspace 


Suppose T is an operator on a vector space V. A subspace U of V is called an 
invariant subspace for T if Tf € U for every f € U. 


10.101 Example invariant subspaces 
You should verify each of the assertions below. 


e For b € [0,1], the subspace 
{f € L?([0,1]) : f(t) = 0 for almost every t € [0, b]} 


is an invariant a for the Volterra operator V: L?([0,1]) + L?((0,1]) 
defined by (Vf) (x) = fọ f- 


e Suppose T is an operator on a Hilbert space V and f € V with f #0. Then 
span{f } is an invariant subspace for T if and only if f is an eigenvector of T. 


e Suppose T is an operator on a Hilbert space V. Then {0}, V, null T, and range T 
are invariant subspaces for T. 


e If T is a bounded operator on a Hilbert space and U is an invariant subspace for 
T, then U is an invariant subspace for T. 


If T is a compact operator on a Hilbert 
space and U is an invariant subspace for 
T, then T| u is a compact operator on U, 
as follows from the definitions. 

If U is an invariant subspace for a 
self-adjoint operator T, then T|ų is self- 
adjoint because 


The most important open question in 


operator theory is the invariant 
subspace problem, which asks 
whether every bounded operator on 
a Hilbert space with dimension 
greater than 1 has a closed invariant 
subspace other than {0} and V. 


(Tlu) fs) = (TF8) = FT) = Ff, Tug 


for all f, g € U. The next result shows that a bit more is true. 


10.102 U invariant for self-adjoint T implies U- invariant for T 


Suppose U is an invariant subspace for a self-adjoint operator T. Then 


(a) U- is also an invariant subspace for T; 


(b) T|,; is a self-adjoint operator on UES 
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Proof To prove (a), suppose f € U+. If g € U, then 


(Tf,g) = (f, Tg) =0, 
where the first equality holds because T is self-adjoint and the second equality holds 
because Tg € U and f € UŁ. Because the equation above holds for all g € U, we 
conclude that Tf € UŁ. Thus U+ is an invariant subspace for T, proving (a). 
By part (a), we can think of T|ı;ı as an operator on UŁ. To prove (b), suppose 
he UŁ. If f € U4 then 


C (Tlu) h) = (Tlf, h) = (Tf) = Cf, Th) = (f, Tht). 


Because (T|,).)*h and T|,,./ are both in U+ and the equation above holds for all 
f € UŁ, we conclude that (T|ı;1 )*h = T| ih, proving (b). 


Operators for which there exists an orthonormal basis consisting of eigenvectors 
may be the easiest operators to understand. The next result states that any such 
operator must be self-adjoint in the case of a real Hilbert space and normal in the 
case of a complex Hilbert space. 


10.103 orthonormal basis of eigenvectors implies self-adjoint or normal 


Suppose T is a bounded operator on a Hilbert space V and there is an orthonormal 
basis of V consisting of eigenvectors of T. 


(a) If F=R, then T is self-adjoint. 
(b) If F = C, then T is normal. 


Proof Suppose {e jt jer is an orthonormal basis of V such that e; is an eigenvector 
of T for each j € T. Thus there exists a family {a;}jer in F such that 


10.104 Te; = &jej 
for each j € T. If k € T and f € V, then 


(f, Ten) = (Tf) = (T(E renei) ex) 
je 
z (E alfenerer) = ak(f, ek) = (f Trek). 
je 


The equation above implies that 
10.105 Te, = Wer. 
To prove (a), suppose F = R. Then 10.105 and 10.104 imply T*e, = ape, = Teg 
for each k € K. Hence T* = T, completing the proof of (a). 
To prove (b), now suppose F = C. If k € T, then 10.105 and 10.104 imply that 
(T*T) (ex) = T* (apex) = |ar| ek = T (aker) = (TT*) (ex). 


Because the equation above holds for all k € T, we conclude that T*T = TT* Thus 
T is normal, completing the proof of (b). 
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The next result is one of the major highlights of the theory of compact operators 
on Hilbert spaces. The result as stated below applies to both real and complex Hilbert 
spaces. In the case of a real Hilbert space, the result below can be combined with 
10.103(a) to produce the following result: A compact operator on a real Hilbert 
space is self-adjoint if and only if there is an orthonormal basis of the Hilbert space 
consisting of eigenvectors of the operator. 


10.106 Spectral Theorem for self-adjoint compact operators 
Suppose T is a self-adjoint compact operator on a Hilbert space V. Then 


(a) there is an orthonormal basis of V consisting of eigenvectors of T; 


(b) there is a countable set Q, an orthonormal family {ex },eq in V, and a family 


{ax trea in R \ {0} such that 


Dia, eee 


keQ 


for every f € V. 


Proof Let U denote the span of all the eigenvectors of T. Then U is an invariant 
subspace for T. Hence U+ is also an invariant subspace for T and T |y is a self- 
adjoint operator on U+ (by 10.102). However, T| has no eigenvalues, because 
all the eigenvectors of T are in U. Because all self-adjoint compact operators on a 
nonzero Hilbert space have an eigenvalue (by 10.99), this implies that U+ = {0}. 
Hence U = V (by 8.42). 

For each eigenvalue « of T, there is an orthonormal basis of null (T — «1 ) consist- 
ing of eigenvectors corresponding to the eigenvalue a. The union (over all eigenvalues 
« of T) of all these orthonormal bases is an orthonormal family in V because eigen- 
vectors corresponding to distinct eigenvalues are orthogonal (see 10.57). The previous 
paragraph tells us that the closure of the span of this orthonormal family is V (here 
we are using the set itself as the index set). Hence we have an orthonormal basis of 
V consisting of eigenvectors of T, completing the proof of (a). 

By part (a) of this result, there is an orthonormal basis {e,},cr of V and a family 
{ax}rer in R such that Te, = a,e, for each k €T (even if F = C, the eigenvalues 
of T are in R by 10.49) . Thus if f € V, then 


Tf = T(Li(fer)er) = re) Tee = 5 we fee 
keT keT keT 


Letting Q = {k ET : a, 4 0}, we can rewrite the equation above as 


Tf = } wl frerer 


keO 


for every f € V. The set O is countable because T has only countably many 
eigenvalues (by 10.93) and each nonzero eigenvalue can appear only finitely many 
times in the sum above (by 10.82), completing the proof of (b). 
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A normal compact operator on a nonzero real Hilbert space might have no eigen- 
values [consider, for example the normal operator T of counterclockwise rotation by 
a right angle on RÊ? defined by T(x, y) = (—y,x)]. However, the next result shows 
that normal compact operators on complex Hilbert spaces behave better. The key idea 
in proving this result is that on a complex Hilbert space, the real and imaginary parts 
of a normal compact operator are commuting self-adjoint compact operators, which 
then allows us to apply the Spectral Theorem for self-adjoint compact operators. 


10.107 Spectral Theorem for normal compact operators 


Suppose T is a compact operator on a complex Hilbert space V. Then there is an 
orthonormal basis of V consisting of eigenvectors of T if and only if T is normal. 


Proof One direction of this result has already been proved as part (b) of 10.103. 
To prove the other direction, suppose T is a normal compact operator. We can 
write 
T=A+1B, 


where A and B are self-adjoint operators and, because T is normal, AB = BA (see 
10.54). Because A = (T + T*)/2 and B = (T — T*)/(2i), the operators A and B 
are both compact. 

If « € Rand f € null(A — aI), then 


(A —al)(Bf) = A(Bf) — «Bf = B(Af) — aBf = B((A—al)f) = B(0) =0 


and thus Bf € null(A — aI). Hence null(A — aI) is an invariant subspace for B. 

Applying the Spectral Theorem for self-adjoint compact operators [10.106(a)] to 
B | null( A—al) Shows that for each eigenvalue « of A, there is an orthonormal basis of 
null(A — wI) consisting of eigenvectors of B. The union (over all eigenvalues « of 
A) of all these orthonormal bases is an orthonormal family in V (use the set itself as 
the index set) because eigenvectors of A corresponding to distinct eigenvalues of A 
are orthogonal (see 10.57). The Spectral Theorem for self-adjoint compact operators 
[10.106(a)] as applied to A tells us that the closure of the span of this orthonormal 
family is V. Hence we have an orthonormal basis of V, each of whose elements is an 
eigenvector of A and an eigenvector of B. 

If f € V is an eigenvector of both A and B, then there exist «,6 € R such 
that Af = of and Bf = Bf. Thus Tf = (A +iB)(f) = (a+ Bi)f; hence f is 
an eigenvector of T. Thus the orthonormal basis of V constructed in the previous 
paragraph is an orthonormal basis consisting of eigenvectors of T, completing the 
proof. 


The following example shows the power of the Spectral Theorem for normal 
compact operators. Finding the eigenvalues and eigenvectors of the normal compact 
operator V — V* in the next example leads us to an orthonormal basis of L*({0, 1]). 
Easy calculus shows that the family {e,},cz, where ex is defined as in 10.112, is 
an orthonormal family in L? ([0,1]). The hard part of showing that {e,},¢z is an 
orthonormal basis of L?((0,1]) is to show that the closure of the span of this family 
is L?((0,1]). However, the Spectral Theorem for normal compact operators (10.107) 
provides this information with no further work required. 
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10.108 Example an orthonormal basis of eigenvectors 
Suppose V: L?([0,1]) —> L?({0,1]) is the Volterra operator defined by 


Ax) = fF. 


The operator V is compact (see the paragraph after the proof of 10.70), but it is not 
normal. Because V is compact, so is V* (by 10.73). Hence V — V* is compact. Also, 
(V = V*)* = V* — V = —(V — V*). Because every operator commutes with its 
negative, we conclude that V — Y* is a compact normal operator. Because we want 
to apply the Spectral Theorem, for the rest of this example we will take F = C. 

If f € L?([0,1]) and x € [0,1], then the formula for V* given by 10.16 shows 
that 


10.109 (v-vyAe)=2f'¢- fF. 


The right side of the equation above is a continuous function of x whose value at 
x = Ois the negative of its value at x = 1. 

Differentiating both sides of the equation above and using the Lebesgue Differen- 
tiation Theorem (4.19) shows that 


(V= V°) (x) = 2f(x) 

for almost every x € [0,1]. If f € null(V — V*), then differentiating both sides 
of the equation (V — V*)f = 0 shows that 2f (x) = 0 for almost every x € [0,1]; 
hence f = 0, and we conclude that V — V* is injective (so 0 is not an eigenvalue). 

Suppose f is an eigenvector of V — V* with eigenvalue w. Thus f is in the range 
of V — V*, which by 10.109 implies that f is continuous on [0,1], which by 10.109 
again implies that f is continuously differentiable on (0,1). Differentiating both 
sides of the equation (V — V*) f = wf gives 


2f (x) = af" (x) 


for all x € (0,1). Hence the function whose value at x is e~ (*/“)* f (x) has derivative 
0 everywhere on (0,1) and thus is a constant function. In other words, 


10.110 f (x) = ce?) 


for some constant c # 0. Because f € range(V — V*), we have f(0) = —f(1), 
which with the equation above implies that there exists k € Z such that 


10.111 2/a = i(2k +1). 


Replacing 2/« in 10.110 with the value of 2/« derived in 10.111 shows that for 
k € Z, we should define ep € L([0,1]) by 


10.112 eg (x) = ECD, 


Clearly {ex },ez is an orthonormal family in L?({0,1]) [the orthogonality can be 
verified by a straightforward calculation or by using 10.57]. The paragraph above 
and the Spectral Theorem for compact normal operators (10.107) imply that this 
orthonormal family is an orthonormal basis of L*({0, 1]). 
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Singular Value Decomposition 


The next result provides an important generalization of 10.106(b) to arbitrary compact 
operators that need not be self-adjoint or normal. This generalization requires two 
orthonormal families, as compared to the single orthonormal family in 10.106(b). 


10.113 Singular Value Decomposition 


Suppose T is a compact operator on a Hilbert space V. Then there exist a 
countable set Q, orthonormal families {e,},eq and {hx },eq in V, and a family 
{sk }keq of positive numbers such that 


10.114 TE = Y, se cue 


keQ 


for every f € V. 


Proof If « is an eigenvalue of T*T, then (T*T)f = af for some f Æ 0 and 


alf? = (af, f) = (TTF, f) = (TFTP) = ITF I. 


Thus a > 0. Hence all eigenvalues of T*T are nonnegative. 

Apply 10.106(b) and the conclusion of the paragraph above to the self-adjoint 
compact operator T*T, getting a countable set Q, an orthonormal family {e,},eq in 
V, and a family {s;};eq of positive numbers (take sy = \/a, ) such that 


10.115 (T*T)f = Yar fee: 
keO 
for every f € V. The equation above implies that (T*T)e; = sjej for each j € QO. 
For k € O, let 
T 
= tek 
Sk 


For j,k € Q, we have 


— l o = 
(hj, hk) Te.) = m Tej,ek) = PA 


The equation above implies that {h,},¢q is an orthonormal family in V. 
If f € span {ex }ken » then 


Tf= T(Y (fender) = Fe ee = }_ eee he 


keO, keO, keO 
showing that 10.114 holds for such f. 
If f € (span Terreo)", then 10.115 shows that (T*T)f = 0, which implies 
that Tf = 0 (because 0 = (T*Tf, f) = ||Tf||?); thus both sides of 10.114 are 0. 
Hence the two sides of 10.114 agree for f in a closed subspace of V and for f in 


the orthogonal complement of that closed subspace, which by linearity implies that 
the two sides of 10.114 agree for all f € V. 
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An expression of the form 10.114 is called a singular value decomposition of 
the compact operator T. The orthonormal families {e,},¢q and {hx}zeq in the 
singular value decomposition are not uniquely determined by T. However, the 
positive numbers {s; };cq are uniquely determined as positive square roots of positive 
eigenvalues of T*T. These positive numbers can be placed in decreasing order 
(because if there are infinitely many of them, then they form a sequence with limit 0, 
by 10.93). This procedure leads to the definition of singular values given below. 

Suppose T is a compact operator. Recall that the geometric multiplicity of a 
positive eigenvalue « of T*T is defined to be dimnull(T*T — aI) [see 10.81]. This 
geometric multiplicity is the number of times that v/a appears in the family {s,},eq 
corresponding to a singular value decomposition of T. By 10.82, this geometric 
multiplicity is finite. 

Now we can define the singular values of a compact operator T, where we are 
careful to repeat the square root of each positive eigenvalue of T*T as many times as 
its geometric multiplicity. 


10.116 Definition singular values 


e Suppose T is a compact operator on a Hilbert space. The singular values 
of T, denoted s1(T) > s2(T) > s3(T) > ---, are the positive square roots 
of the positive eigenvalues of T*T, arranged in decreasing order with each 
singular value s repeated as many times as the geometric multiplicity of 3? 
as an eigenvalue of T*T. 


e If T*T has only finitely many positive eigenvalues, then define s„ (T) = 0 
for all n € Z* for which sn (T) is not defined by the first bullet point. 


10.117 Example singular values on a finite-dimensional Hilbert space 
Define T: Ft — F* by 
T (21,22, 23,24) = (0,321,222, —3z4). 
A calculation shows that 
(T*T) (21,22, 23, Z4) = (921,422, 0, 924). 
Thus the eigenvalues of T*T are 9, 4,0 and 
dim(T*T—9I)=2 and dim(T*T—4I) =1. 


Taking square roots of the positive eigenvalues of T*T and then adjoining an infinite 
string of 0’s shows that the singular values of T are 3 >3 >2>0>0°2::-. 

Note that —3 and 0 are the only eigenvalues of T: Thus in this case, the list of 
eigenvalues of T did not pick up the number 2 that appears in the definition (and 
hence the behavior) of T, but the list of singular values of T does include 2. 


If T is a compact operator, then the first singular value s4 (T) equals ||T 
are asked to verify in Exercise 12. 


|, as you 
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10.118 Example singular values of V — V* 


Let V denote the Volterra operator and let T = V — V*. In Example 10.108, we 
saw that if ex is defined by 10.112 then {e,},¢z is an orthonormal basis of L? ([0,1]) 


and 
2 


Te. = —————— 
“k ~ kF n * 
for each k € Z, where the eigenvalue shown above corresponding to e, comes from 
10.111. Now 10.56 implies that 


—2 
Te = 
= ORFI 
for each k € Z. Hence 
10.119 T*Te, = tae 
i E ORFI“ 


for each k € Z. After taking positive square roots of the eigenvalues, we see that the 
equation above shows that the singular values of T are 


2 2 2 2 2 2 
> SS > > > we 
1 mam 32m 32 52 ~ 5m 


where the first two singular values above come from taking k = —1 and k = 0 in 
10.119, the next two singular values above come from taking k = —2 and k = 1, 
the next two singular values above come from taking k = —3 and k = 2, and so on. 


Each singular value of T appears twice in the list of singular values above because 
each eigenvalue of T*T has geometric multiplicity 2. 


For n € Z*, the singular value s,(T) of a compact operator T tells us how well 
we can approximate T by operators whose range has dimension less than n (see 
Exercise 15). 

The next result makes an important connection between K € L? (u x u) and the 
singular values of the integral operator associated with K. 


10.120 sum of squares of singular values of integral operator 


Suppose y is a -finite measure and K € L? (u x y). Then 


foe} 


Proof Consider a singular value decomposition 


10.121 T(f) = }, se(f,ex)h 


kEO 


of the compact operator Zx. Extend {e;}jeq to an orthonormal basis {e;}jer of 
L? (u), and extend {hy },eq to an orthonormal basis {hy} ,er of L? (p). 
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Let X denote the set on which the measure y lives. For j € I and k € I’, define 
Sik: X xX X — Fby 


Sin(%-Y) = ej(y)hx(x)- 
Then { sak jeT, ker” is an orthonormal basis of L? (u x u), as you should verify. Thus 


jet ker! 


| 2 


J [ Kener) ay) a(x) 


Get > 


10.122 = >} 


10.123 =} s? 


where 10.122 holds because 10.121 shows that Zxe; = sjhj for j € Q and xe; = 0 
for j € T \ Q; 10.123 holds because {h;},cr is an orthonormal family. 


Now we can give a spectacular application of the previous result. 


1 
10.124 Example 2 32 52 Hee = 


Define K: [0,1] x [0,1] + R by 


1 if x >y, 
K(x,y)=40 ifx=y, 
—1 ifx<y. 


Letting u be Lebesgue measure on [0,1], we note that Zx is the normal compact 
operator V — V* examined in Example 10.118. 

Clearly Kl 22 Gx pn) = 1. Using the list of singular values for Zx obtained in 
Example 10.118, the formula in 10.120 tells us that 


4 
1=2 
L ee ip 
Thus 
1 1 1 æ 
12 32 52) 8 
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EXERCISES 10D 


10 


Prove that if T is a compact operator on a nonzero Hilbert space, then ||T ||? is 
an eigenvalue of T*T. 


Prove that if T is a self-adjoint operator on a nonzero Hilbert space V, then 
IT || = sup{(Tf, f)| : f € V and |] f|| = 1}. 


Suppose T is a bounded operator on a Hilbert space V and U is aclosed subspace 
of V. Prove that the following are equivalent: 


(a) U is an invariant subspace for T. 
(b) U- is an invariant subspace for T*. 
(c) TPu = PuT Pu. 


Suppose T is a bounded operator on a Hilbert space V and U is a closed subspace 
of V. Prove that the following are equivalent: 


(a) U and U~ are invariant subspaces for T. 


(b) U and U~ are invariant subspaces for T*. 
(c) T Pu = PuT. 


Suppose T is a bounded operator on a nonseparable normed vector space V. 
Prove that T has a closed invariant subspace other than {0} and V. 


Suppose T is an operator on a Banach space V with dimension greater than 2. 
Prove that T has an invariant subspace other than {0} and V. 

[For this exercise, T is not assumed to be bounded and the invariant subspace is 
not required to be closed. | 


Suppose T is a self-adjoint compact operator on a Hilbert space that has only 
finitely many distinct eigenvalues. Prove that T has finite-dimensional range. 


(a) Prove that if T is a self-adjoint compact operator on a Hilbert space, then 
there exists a self-adjoint compact operator S such that S? = T. 


(b) Prove that if T is a normal compact operator on a complex Hilbert space, 
then there exists a normal compact operator S such that $? = T. 


Suppose T is a compact normal operator on a nonzero Hilbert space V. Prove 
that there is a subspace of V with dimension 1 or 2 that is an invariant subspace 
for T. 

Uf F = C, the desired result follows immediately from the Spectral Theorem for 
compact normal operators. Thus you can assume that F = R.] 


Suppose T is a self-adjoint compact operator on a Hilbert space and ||T|| < i. 
Prove that there exists a self-adjoint compact operator S such that S* + S = T. 


11 


12 
13 


14 


15 


16 


17 
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For k € Z, define gy € L?((—7, 7]) and hy € L?((—7,, 71]) by 


1 „it/2 ikt 1 ikt, 
g(t) = TRE / e and hy (£) = TRE 7 


here we are assuming that F = C. 

(a) Use the conclusion of Example 10.108 to show that {g%}ķez is an ortho- 
normal basis of L? ((—7r, 71]). 

(b) Use the result in part (a) to show that {hy },¢z is an orthonormal basis of 
L*((—7, 7]). 

(c) Use the result in part (b) to show that the orthonormal family in the third 
bullet point of Example 8.51 is an orthonormal basis of L? ((- 71, 77] } 


Suppose T is a compact operator on a Hilbert space. Prove that sı (T) = ||T||. 


Suppose T is a compact operator on a Hilbert space and n € Z*. Prove that 
dim range T < n if and only if s„(T) = 0. 


Suppose T is a compact operator on a Hilbert space V with singular value 


decomposition 
œo 


Tf = }_ sx(T)(f,ex)}hg 


k=1 
for all f € V. For n € Z*, define Ta: V > V by 


igs Ls e)l. 


Prove that limy—;00||T — Tn || = 0. 

[This exercise gives another proof, in addition to the proof suggested by Exercise 
15 in Section 10C, that an operator on a Hilbert space is compact if and only if 
it is the limit of bounded operators with finite-dimensional range.] 


Suppose T is a compact operator on a Hilbert space V and n € Z*. Prove that 
inf{||T — S|| : S € B(V) and dim range S < n} = sn (T). 
Suppose T is a compact operator on a Hilbert space V and n € Z*. Prove that 
Sn(T) = inf{||T|y. || : U is a subspace of V with dimU < n}. 


Suppose T is a compact operator on a Hilbert space with singular value decom- 


position 
Tf = Yi sx(f,ex)hy 
keO 
for all f € V. Prove that 
T*f = Do sk(f,hi)er 


kEeQ 


forall f € V. 
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18 Suppose that T is an operator on a finite-dimensional Hilbert space V with 
dim V = n. 


(a) Prove that T is invertible if and only if s,(T) 4 0. 


(b) Suppose T is invertible and T has a singular value decomposition 


Tf =s1(T)(f,e1)hy + +++ +8n(T)(f,en) hn 


for all f € V. Show that 


(f, Hn) 
S(T) 


Tf = (f,h1) | 


aT) E saft) 


forall f € V. 


19 Suppose T is a compact operator on a Hilbert space V. Prove that 


foe) 


E |lTexl? = $} (sn(T))? 


keT n=1 


for every orthonormal basis {ex }ķer of V. 
<2 1 
20 Use the result of Example 10.124 to evaluate L ae 
n=1 ” 


21 Suppose T is a normal compact operator. Prove that the following are equivalent: 


e range T is finite-dimensional. 
e sp(T) isa finite set. 
e s,(T) = 0 for somen E€ Z. 


22 Find the singular values of the Volterra operator. 
[Your answer, when combined with Exercise 12, should show that the norm of 
‘2 ; i Ss 
the Volterra operator is =. This appearance of 7 can be surprising because the 
definition of the Volterra operator does not involve 7t.] 
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Chapter 11 ome 


Fourier Analysis 


This chapter uses Hilbert space theory to motivate the introduction of Fourier coeffi- 
cients and Fourier series. The classical setting applies these concepts to functions 
defined on bounded intervals of the real line. However, the theory becomes easier and 
cleaner when we instead use a modern approach by considering functions defined on 
the unit circle of the complex plane. 

The first section of this chapter shows how consideration of Fourier series leads us 
to harmonic functions and a solution to the Dirichlet problem. In the second section 
of this chapter, convolution becomes a major tool for the L? theory. 

The third section of this chapter changes the context to functions defined on the 
real line. Many of the techniques introduced in the first two sections of the chapter 
transfer easily to provide results about the Fourier transform on the real line. The 
highlights of our treatment of the Fourier transform are the Fourier Inversion Formula 
and the extension of the Fourier transform to a unitary operator on L?(R). 

The vast field of Fourier analysis cannot be completely covered in a single chapter. 
Thus this chapter gives readers just a taste of the subject. Readers who go on from 
this chapter to one of the many book-length treatments of Fourier analysis will then 
already be familiar with the terminology and techniques of the subject. 


a 


The Giza pyramids, near where the Battle of Pyramids took place in 1798 during 
Napoleon’s invasion of Egypt. Joseph Fourier (1768—1830) was one of the scientific 
advisors to Napoleon in Egypt. While in Egypt as part of Napoleon’s invading force, 

Fourier began thinking about the mathematical theory of heat propagation, which 
eventually led to what we now call Fourier series and the Fourier transform. 
CC-BY-SA Ricardo Liberato 
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11A Fourier Series and Poisson Integral 


Fourier Coefficients and Riemann—Lebesgue Lemma 


For k € Z, suppose e,: (—7t, 7] — R is defined by 


5 sin(kt) ifk>0, 
11.1 elt) = § ae ifk =0, 
a cos(kt) ifk <0. 


The classical theory of Fourier series features {e;,};¢z as an orthonormal basis of 
L?((—7, mt). The trigonometric formulas displayed in Exercise 1 in Section 8C can 
be used to show that {€x },cz is indeed an orthonormal family in L? ((— 7, 71]). 

To show that {ex}ķez is an orthonormal basis of L?((—7, 7] ) requires more 
work. One slick possibility is to note that the Spectral Theorem for compact operators 
produces orthonormal bases; an appropriate choice of a compact normal operator 
can then be used to show that {e;,},¢z is an orthonormal basis of L? ((—7r, 7t]) [see 
Exercise 11(c) in Section 10D]. 

In this chapter we take a cleaner approach to Fourier series by working on the unit 
circle in the complex plane instead of on the interval (—7t, 71]. The map 


11.2 try eË = cost +isint 


can be used to identify the interval (—7r, 7t] with the unit circle; thus the two ap- 
proaches are equivalent. However, the calculations are easier in the unit circle context. 
In addition, we will see that the unit circle context provides the huge benefit of 
making a connection with harmonic functions. 

We begin by introducing notation for the open unit disk and the unit circle in the 
complex plane. 


11.3 Definition D; ƏD 


e D denotes the open unit disk in the complex plane: 
DE oE Coe 
e OD is the unit circle in the complex plane: 


oD — i e C H = 1), 


The function given in 11.2 is a one-to-one map of (—7t, 71] onto dD. We use 
this map to define a g-algebra on 0D by transferring the Borel subsets of (—71, 71] 
to subsets of dD that we will call the measurable subsets of D. We also transfer 
Lebesgue measure on the Borel subsets of (71, 7t] to a measure called ø on the 
measurable subsets of ðD, except that for convenience we normalize by dividing 
by 27 so that the measure of ðD is 1 rather than 27r. We are now ready to give the 
formal definitions. 
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e A subset E of dD is measurable if {t € (—7, 71] : e” € E} is a Borel subset 
of R. 


e cis the measure on the measurable subsets of dD obtained by transferring 
Lebesgue measure from (—71, 7t] to ƏD, normalized so that 7(0D) = 1. In 
other words, if E C OD is measurable, then 


pelt = ee E}| 


Our definition of the measure g on 0D allows us to transfer integration on dD to 
the familiar context of integration on (—71, 7t]. Specifically, 


[far= [ Fea) = f re) = 


for all measurable functions f : ƏD — C such that any of these integrals is defined. 
Throughout this chapter, we assume that the scalar field F is the complex field C. 
Furthermore, LP (dD) is defined as follows. 


For 1 < p < œ, define L” (9D) to mean the complex version (F = C) of L?(c). 


Note that if z = e” for some t € R, then Z = e7# = 1 and z” = e™t and 
zit = et for all n € Z. These observations make the proof of the next result 
much simpler than the proof of the corresponding result for the trigonometric family 
defined by 11.1. 

In the statement of the next result, z” means the function on dD defined by z > z”. 


11.6 orthonormal family in L? (ƏD) 


{z" nez is an orthonormal family in L?(0D). 


Proof Ifn € Z, then 
ae) =f |z""|* do(z) =f 1dr =1. 


If m,n € Z with m # n, then 


m. . dt m. dt ei(m—n)t -t=r 
m AN imt,—int t __ i(m—n)t = | = 
PAN J © On Ie 2x = i(m—n)27Jlt=—-n É 


as desired. 


In the next section, we improve the result above by showing that {z”},,cz is an 
orthonormal basis of L*(@D) (see 11.30). 
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Hilbert space theory tells us that if f is in the closure in L?(0D) of span{z"} nez, 


then 
f= Vif 2")2", 


neZ 


where the infinite sum above converges as an unordered sum in the norm of L? (3D) 
(see 8.58). The inner product (f,z") above equals 


z)z" do(z). 
F(z) doz) 
Because |z"| = 1 for every z € OD, the integral above makes sense not only for 
f € L*(AD) but also for f in the larger space L'(0D). Thus we make the following 
definition. 

7 Definition Fourier coefficient 

Suppose f € L! (ƏD). 


e Forn € Z, the n"™ Fourier coefficient of f is denoted f(n) and is defined by 


fn) = f SOF) = f fee E 


e The Fourier series of f is the formal sum 


As we will see, Fourier analysis helps describe the sense in which the Fourier 
series of f represents f. 


11.8 Example Fourier coefficients 


e Suppose h is an analytic function on an open set that contains D. Then h has a 
power series representation 


h(z) = L Anz", 
n=0 


where the sum on the right converges uniformly on D to h. Because uniform 
convergence on dD implies convergence in L? (dD), 8.58(b) and 11.6 now imply 
that 

a, ifn>0, 

0 ifn<0O 


(hlad) (n) = i 


for all n € Z. In other words, for functions analytic on an open set containing 


D, the Fourier series is the same as the Taylor series. 
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e Suppose f: ƏD — R is defined by 


Z 
3 
_ Ze Zz" S (Z)" 
(5 Lo ae) 
| a 
=3 2 In|’ 


for all n € Z. 


We begin with some simple algebraic properties of Fourier coefficients, whose 
proof is left to the reader. 


11.9 algebraic properties of Fourier coefficients 


Suppose f,g € L! (ƏD) and n € Z. Then 


O S +8(n); 
(n 


(b) (af) (n) =af 
(c) |f(n)| < Fla. 


Parts (a) and (b) above could be restated by saying that for each n € Z, the 
function f ++ f(n) is a linear functional from L'(@D) to C. Part (c) could be 
restated by saying that this linear functional has norm at most 1. 

Part (c) above implies that the set of Fourier coefficients { Ô (n) tnez is bounded 
for each f € L'(0D). The Fourier coefficients of the functions in Example 11.8 
have the stronger property that liMmn—+o Ô (n) = 0. The next result shows that this 
stronger conclusion holds for all functions in L! (3D). 


) for all æ € C; 
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11.10 Riemann-Lebesgue Lemma 


Suppose f € L'(0D). Then lim f(n) =0. 
n IOG 


Proof Suppose € > 0. There exists g € L? (ƏD) such that ||f — g||) < € (by 3.44). 
By 11.6 and Bessel’s inequality (8.57), we have 


Y lg)? < Iisa < æ. 


n=—oo 


Thus there exists M € Z* such that |¢(1)| < e forall n € Z with |n| > M. Now if 
n € Zand |n| > M, then 


LF(n)| < [F(n) -= 8(n)| + 18 )| 
<|(f-g) (| +e 
< |f- slh +e 
< 2e. 


Thus „im f (1) =0. 


Poisson Kernel 


Suppose f : dD — C is continuous and z € OD. For this fixed z € 0D, the Fourier 
series 

o9 A 

2, f(n)z" 

n=—0o 

is a series of complex numbers. It would be nice if f(z) = V°__., f(1)z", but this 
is not necessarily true because the series $? ,, f (n)z" might not converge, as you 
can see in Exercise 11. 

Various techniques exist for trying to assign some meaning to a series of complex 
numbers that does not converge. In one such technique, called Abel summation, the 
n™-term of the series is multiplied by r” and then the limit is taken as r f 1. For 
example, if the n™-term of the divergent series 


leak 


is multiplied by r” for r € [0,1), we get a convergent series whose sum equals Tr 
Taking the limit of this sum as r f 1 then gives 5 as the value of the Abel sum of the 
series above. 

The next definition can be motivated by applying a similar technique to the Fourier 
series ) oo Ô (n)z". Here we have a series of complex numbers whose terms are 
indexed by Z rather than by Z*. Thus we use rl”l rather than r” because we want 
these multipliers to have limit 0 as n — +o for each r € [0,1) (and to have limit 1 
as r + 1 foreach n € Z). 
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Definition 


For f € L! (ƏD) and 0 < r < 1, define P,f: ƏD > C by 


foe) 


CG = I ie 


n=—oo 


No convergence problems arise in the series above because 


[Pl A(m)z"| < fla el 


for each z € ƏD, which implies that 


foe} 
E Ife < fh E < o. 
n=— o 
Thus for each r € (0, 1), the partial sums of the series above converge uniformly on 
OD, which implies that P,f is a continuous function from dD to C (for r = 0 and 
n = 0, interpret the expression 0° to be 1). 
Let’s unravel the formula in 11.11. If f € L! (9D), 0 <r <1, and z € OD, then 


2 rll F(n)z" 


n=—oo 


(Prf) (2) 


= yo ll L, f(w)w" do(w)z" 


n=— 


11.12 


f(w)( rl" (z)") dow), 

oD n=—oo 

where interchanging the sum and integral above is justified by the uniform conver- 
gence of the series on 0D. To evaluate the sum in parentheses in the last line above, 


let € € OD (think of Ç = zw in the formula above). Thus (C)~” = (¢)” and 


foe} 


yt let = Srey + ED" 


n=—oo n=0 


d re 
1-A I-K 


_(@-=r)+(1-ri)rg 
7 |1 — rg]? 


1—r 


11.13 = -z 
=a? 


Motivated by the formula above, we now make the following definition. Notice 
that 11.11 uses calligraphic P, while the next definition uses italic P. 
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| 11.14 Definition 


e For 0 <r < 1, define P,: ƏD — (0,00) by 


e 


P,(¢) = [tree 


e The family of functions {P, },e{o,1) is called the Poisson kernel on D. 


Combining 11.12 and 11.13 now gives the following result. 
11.15 integral formula for P, f 


If f € L'(aD), 0 <r < 1, and z € OD, then 


J —1? 


PAE) = J, OR dow) = f feo) = dow). 


The terminology approximate identity is sometimes used to describe the three 
properties for the Poisson kernel given in the next result. 


11.16 properties of P, 
(a) P,(Z) > 0 for all r € [0,1) and all  € oD. 


(b) he P, (©) do(Z) = 1 for each r € 0,1). 


(c) iim (ee P, (Ç) do(Z) = 0 for each 6 > 0. 


Proof Part (a) follows immediately from the definition of P, (Ç) given in 11.14. 
Part (b) follows from integrating the series representation for P, given by 11.13 
termwise and noting that 


m. dt eint t= 
n dco = J eint _ 
O | 


iat om = aioe = 0 for all n € Z \ {0}; 


t=—7 


for n = 0, we have f5, 6" do(Z) = 1. 
To prove part (c), suppose ô > 0. If Ç € ƏD, |1 — Z| > 6, and 1—r < §, then 


1-rg|=]1-¢-(r-1)5l 
> Lt) hr) 
>t, 
Thus as r Î 1, the denominator in the definition of P, (Ç) is uniformly bounded away 
from 0 on {@ € AD: |1 — Ç| > 5} and the numerator goes to 0. Thus the integral of 
P, over {C € OD: |1 — | > 5} goes toOasr f 1. 
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Here is the intuition behind the proof of the 
next result: Parts (a) and (b) of the previous re- 
sult and 11.15 mean that (P;f)(z) is a weighted 
average of f. Part (c) of the previous result says 
that for r close to 1, most of the weight in this 
weighted average is concentrated near z. Thus 
(Pif) > f(z) ast 1. 

The figure here transfers the context from 
dD to (—7, 7]. The area under both curves 
is 27r [corresponding to 11.16(b)] and P, (e*) 
becomes more concentrated near t = Oasr Î 1 
[corresponding to 11.16(c)]. See Exercise 3 for Pra 
the formula for P, (e*). 

One more ingredient is needed for the next — yx z 
proof: If h € L! (ðD) and z € OD, then 


P34 


The graphs of Pi (e) [red] and 
11.17 f 1C) do(w) = f HOA). P4 (e) blue] on (7,7 


The equation above holds because the measure g is rotation and reflection invariant. 
In other words, o({w € OD : h(zw) € E}) = o({¢ € OD: h(g) € E}) for all 
measurable E C 0D. 


Proof Suppose € > 0. Because f is uniformly continuous on 0D, there exists ô > 0 
such that 


|f (z) — f(w)| < e for all z,w € OD with |z — w| < 6. 
If z € OD, then 


FO- PA= E- j f0) drw) 
= | [ FO - Fw) P2) do(w)| 


< p(z 
SE = :|z—w|<d} (zw) do(w) 


+2llflle f P, (z0) do-(w) 


{wedD: |z—w|>d} 
< co r ’ 
<e+2lfle J apy. gy POVO 


where we have used 11.17, 11.16(a), and 11.16(b); the last line uses the equality 
|z — w| = |1 — |, which holds when = zw. Now 11.16(c) shows that the value 
of the last integral above has uniform (with respect to z € dD) limit 0 as r + 1. 
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Solution to Dirichlet Problem on Disk 


As a bonus to our investigation into Fourier series, the previous result provides the 
solution to the Dirichlet problem on the unit disk. To state the Dirichlet problem, we 
first need a few definitions. As usual, we identify C with R2. Thus for x,y E€ R, we 
can think of w = x + yi € C or w = (x,y) € R*. Hence 


D = {w € C: |e) < 1} = {(x,y) E€ R2: x2 +y? <1}. 


For a function f: G —> C on an open subset G of C (or an open subset G of 
R?), the partial derivatives D4 f and D> f are defined as in 5.46 except that now we 
allow f to be a complex-valued function. Clearly D;f = Dj(Re f) + iD;(Im f) for 
j= 1,2; 


11.19 Definition harmonic function 


A function u: G — C on an open subset G of R? is called harmonic if 


(D1(Dif)) (w) + (D2(D2f)) (w) = 0 


for all w € G. The left side of the equation above is called the Laplacian of f at 
w and is often denoted by (Af) (w). 


11.20 Example harmonic functions 


e Iff: G — Cis an analytic function on an open set G C C, then the functions 
Re f, Im f, f, and f are all harmonic functions on G, as is usually discussed 
near the beginning of a course on complex analysis. 


e If € OD, then the function 
1— |w/? 
|1 — w|? 
is harmonic on C \ {Ç} (see Exercise 7). 
e The function u: C \ {0} — R defined by u(w) = log|w| is harmonic on 


C \ {0}, as you should verify. However, there does not exist a function f 
analytic on C \ {0} such that u = Re f. 


The Dirichlet problem asks to extend a continuous function on the boundary of an 
open subset of R? to a function that is harmonic on the open set and continuous on 
the closure of the open set. Here is a more formal statement: 


Dirichlet problem on G: Suppose G C RÊ is an open set and 
11.21 f: dG — Cis a continuous function. Find a continuous function 
u: G — C such that u|g is harmonic and ulgg = f. 


For some open sets G C R2, there exist continuous functions f on dG whose 
Dirichlet problem has no solution. However, the situation on the open unit disk D is 
much nicer, as we will soon see. 
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The function u defined in the result below is called the Poisson integral of f on D. 


11.22 Poisson integral is harmonic 


Suppose f € L! (ƏD). Define u: D > C by 


u(rz) = (Prf)(z) 


forr € [0,1) and z € OD. Then u is harmonic on D. 


Proof Ifw € D, then w = rz for some r € [0,1) and some z € ƏD. Thus 


u(w) = (Prf)(2) 


= V finw" + S oe 


n=0 n=1 


Every function that has a power series representation on D is analytic on D. Thus 
the equation above shows that u is the sum of an analytic function and the complex 
conjugate of an analytic function. Hence u is harmonic. 


11.23 Poisson integral solves Dirichlet problem on unit disk 


Suppose f : ƏD — C is continuous. Define u: D — C by 


if0 <r < 1andz € ðD, 
ifr = 1 and z € ðD. 


Then u is continuous on D, u|p is harmonic, and ulap = f. 


Proof Suppose Ç € ƏD. To prove that u is continuous at Ç, we need to show that 
if w € D is close to ĝ, then u(w) is close to u(Z). Because ulap = f and f is 
continuous on 0D, we do not need to worry about the case where w € OD. Thus 
assume w € D. We can write w = rz, where r € [0,1) and z € dD. Now 


lug) — u(w)| = |F) — (Prf)(2)| 
< IO = FE) + IF) = (PAZ). 


If w is close to Ç, then z is also close to Ç, and hence by the continuity of f the first 
term in the last line above is small. Also, if w is close to ĝ, then r is close to 1, and 
hence by 11.18 the second term in the last line above is small. Thus if w is close to ĝ, 
then u(w) is close to u(C), as desired. 

The function “|p is harmonic on D (and hence continuous on D) by 11.22. 

The definition of u immediately implies that u]ap = f. 
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Fourier Series of Smooth Functions 


The Fourier series of a continuous function on dD need not converge pointwise (see 
Exercise 11). However, in this subsection we will see that Fourier series behave well 
for functions that are twice continuously differentiable. 

First we need to define what we mean 
for a function on 0D to be differen- 
tiable. The formal definition is given be- 
low, along with the introduction of the no- 
tation f for the transfer of f to (—7t, 7t] 
and f|] for the transfer back to 3D of the k'"-derivative of F. 


The idea here is that we transfer a 
function defined on 0D to (—71, 71], 


take the usual derivative there, then 
transfer back to 0D. 


11.24 Definition f; k times continuously differentiable; f k] 


Suppose f : ƏD — C is a complex-valued function on dD and k € Zt U {0}. 
e Define f: R > C by f(t) = f(e"). 


e f is called k times continuously differentiable if f is k times differentiable 
everywhere on R and its k'®-derivative f (K) : R — C is continuous. 


e If f is k times continuously differentiable, then fl: 3D — C is defined by 


fle) = fH) 


fort € R. Here f (0) is defined to be T which means that f [0] — f- 


Note that the function f defined above is periodic on R because f(t+27) = f(t) 
for all £ € R. Thus all derivatives of f are also periodic on R. 


11.25 Example Suppose n € Z and f: dD — C is defined by f(z) = z”. Then 
f: R= Cis defined by f(t) = e. 
Ifk € Zt, then f(t) = Knkeit, Thus f(z) = iknkz" for z € aD. 


Our next result gives a formula for the Fourier coefficients of a derivative. 


11.26 Fourier coefficients of differentiable functions 


Suppose k € Z* and f: ƏD — C isk times continuously differentiable. Then 


for every n € Z. 


Proof First suppose n = 0. By the Fundamental Theorem of Calculus, we have 
t=7 
Klo =|" Ik] (git -f rop IE L p(k-1) n] o 
yos Mei- MOS =f VO] =o. 
which is the desired result for n = 0. 
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Now suppose n € Z \ {0}. Then 


(FBC) = f° FO (emt E 


27 


Tex t=m dt 
— — f(k-1) al (k= Da g-in 
a O aT in [ F 27 


= in(f*-4)-(n), 


where the second equality above follows from integration by parts. 
Iterating the equation above now produces the desired result. 


Now we can prove the beautiful result that a twice continuously differentiable func- 
tion on dD equals its Fourier series, with uniform convergence of the Fourier series. 
This conclusion holds with the weaker hypothesis that the function is continuously 
differentiable, but the proof is easier with the hypothesis used here. 


11.27 Fourier series of twice continuously differentiable functions converge 


Suppose f : dD — C is twice continuously differentiable. Then 


M 
for all z € OD. Furthermore, the partial sums a f(n)z” converge uniformly 
i 


on 0D to f as K, M — oo. 


APY) SF 


n2 T n? 


11.28 |f(n)| = 


where the equality above follows from 11.26 and the inequality above follows 
from 11.9(c). Now 11.28 implies that 


11.29 E Aml = E lf) <0 


n=— n=— 


for all z € ðD. The inequality above implies that £%__  f(n)z” converges and that 
the partial sums converge uniformly on dD. 
Furthermore, for each € 0D we have 


fle) =tim © rfl" = Yo fla 


where the first equality holds by 11.18 and 11.11, and the second equality holds by 
the Dominated Convergence Theorem (use counting measure on Z) and 11.29. 


352 Chapter 11 Fourier Analysis 


In 1923 Andrey Kolmogorov (1903-1987) published a proof that there exists 
a function in L! (OD) whose Fourier series diverges almost everywhere on 0D. 
Kolmogorov’s result and the result in Exercise 11 probably led most mathematicians 
to suspect that there exists a continuous function on dD whose Fourier series diverges 
almost everywhere. However, in 1966 Lennart Carleson (1928—) showed that if 
f € L? (ƏD) (and in particular if f is continuous on dD), then the Fourier series of f 
converges to f almost everywhere. 


EXERCISES 11A 


1 Prove that (fY (n) = f(—n) for all f € L1(0D) and all n € Z. 
2 Suppose 1 < p < wandn €Z. 


(a) Show that the function f ++ f(n) is a bounded linear functional on L? (39D) 
with norm 1. 


(b) Find all f € LP (ƏD) such that || f||p = 1 and |f()| = 1. 


3 Show that if0 < r < landt € R, then 


1—72 


P, (et) = l 
r(e") 1—2rcost+r2 


4 Suppose f € L! (ƏD), z € ƏD, and f is continuous at z. Prove that 
lim(P,f)(2) = f(z). 
rîl 


[Here L! (ƏD) means the complex version of L! (0). The result in this exercise 
differs from 11.18 because here we are assuming continuity only at a single 
point and we are not even assuming that f is bounded, as compared to 11.18, 
which assumed continuity at all points of 9D.] 


5 Suppose f € L!(ƏD), z € ƏD, lim f (ez) = a, and lim f (e"z) = b. Prove 
t t 
that 


j a+b 
Hoa PENE = 


[If a # b, then f is said to have a jump discontinuity at z.] 


6 Prove that for each p € [1,00), there exists f € L1 (ƏD) such that 


7 Suppose ¢ € ƏD. Show that the function 
1- |w|? 
ZE 


is harmonic on C \ {¢} by finding an analytic function on C \ {Ç} whose real 
part is the function above. 


8 


10 


11 
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Suppose f : dD — R is the function defined by 


f(x,y) = xty 


for (x,y) € RÊ? with x? + y? = 1. Find a polynomial u of two variables x, y 
such that u is harmonic on R? and uļəp = f. 

[Of course, u|p is the Poisson integral of f. However, here you are asked to 
find an explicit formula for u in closed form, without involving or computing 
an integral. It may help to think of f as defined by f (z) = (Rez)*(Imz) for 
z€0D.] 


Find a formula (in closed form, not as an infinite sum) for P, f, where f is the 
function in the second bullet point of Example 11.8. 


Suppose f : ƏD — C is three times continuously differentiable. Prove that 


for all z € OD. 


Let C(dD) denote the Banach space of continuous function from 0D to C, with 
the supremum norm. For M € Z*, define a linear functional py: C(9D) + C 
by 


M na 
= }, f(n) 
n=—M oe 


Thus yy (f) is a partial sum of the Fourier series )° f(n)z", evaluated at 
z=1. n=—0o 


(a) Show that 
sin Mta 1)t dt 
=f Fle sin 5 27 
for every f € C(ƏD) and every M € Z*. 
(b) Show that 


7T 


, sin(M + 5)t) dt 
lim | — 
M0 J —7 sin 5 2 


(c) Show that limyy-+00||gml| = ©. 


M 
(d) Show that there exists f € C(ƏD) such that Jim L f(n) does not 
exist (as an element of C). n=—M 


[Because the sum in part (d) is a partial sum of the Fourier series evaluated at 
z = 1, part (d) shows that the Fourier series of a continuous function on 0D 
need not converge pointwise on 0D. 
The family of functions (one for each M € Z*) on ðD defined by 
4. sin(M+5)t 
On sin 5 


is called the Dirichlet kernel. ] 
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Define f: DD + R by 


1 if Imz > 0, 
f(z) =< -1 if Imz <0, 
0 if Imz =0. 


(a) Show that ifn € Z, then 


a —— ifnisodd 
n)= nit 2 
Fn) f ifn is even. 
(b) Show that 
2 2r Imz 
(Prf)(z) = z arctan 5——5 


for every r € [0,1) and every z € OD. 
(c) Verify that lim, (P;f)(z) = f(z) for every z € oD. 
(d) Prove that P; f does not converge uniformly to f on oD. 
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11B Fourier Series and L? of Unit Circle 


The last paragraph of the previous section mentioned the result that the Fourier series 
of a function in L? (ƏD) converges pointwise to the function almost everywhere. This 
terrific result had been an open question until 1966. Its proof is not included in this 
book, partly because the proof is difficult and partly because pointwise convergence 
has turned out to be less useful than norm convergence. 

Thus we begin this section with the easy proof that the Fourier series converges 
in the norm of L? (ƏD). The remainder of this section then concentrates on issues 
connected with norm convergence. 


Orthonormal Basis for L? of Unit Circle 


We already showed that {z”},¢z is an orthonormal family in L? (ƏD) (see 11.6). 
Now we show that {z" }nez is an orthonormal basis of L?(0D). 


11.30 orthonormal basis of L° (ƏD) 


The family {z”},,¢z is an orthonormal basis of L? (ðD). 


Proof Suppose f € (span{z”}ncz) *. Thus (f,z") = 0 for all n € Z. In other 
words, f (1) = 0 for all n € Z. 

Suppose € > 0. Let g: ƏD — C be a twice continuously differentiable function 
such that || f — ¢||2 < £. [To prove the existence of g € L?(0D) with this property, 
first approximate f by step functions as in 3.47, but use the L?-norm instead of the 
L!-norm. Then approximate the characteristic function of an interval as in 3.48, but 
again use the L?-norm and round the corners of the graph in the proof of 3.48 to get a 
twice continuously differentiable function. ] 


Now 
Illa < lif -slz + llele 
/ 
=Iif-sla+ (LIP) 
=If-sh+(Zle-N@P) 
< If- glz + lig- fll 


< 2e, 


where the second line above follows from 11.27, the third line above holds because 
f (n) = 0 for all n € Z, and the fourth line above follows from Bessel’s inequality 
(8.57). 

Because the inequality above holds for all e > 0, we conclude that f = 0. We 
have now shown that (span{z"}nez)~ = {0}. Hence span{z"}ncz = L?(0D) 
by 8.42, which implies that {z”},,cz is an orthonormal basis of L? (9D). 
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Now the convergence of the Fourier series of f € L?(0D) to f follows immedi- 
ately from standard Hilbert space theory [see 8.63(a)] and the previous result. Thus 
with no further proof needed, we have the following important result. 


11.31 convergence of Fourier series in the norm of L? (dD) 


Suppose f € L?(0D). Then 


where the infinite sum converges to f in the norm of L?(0D). 


The next example is a spectacular ap- 
plication of Hilbert space theory and the 
orthonormal basis {z"},cz of L? (ðD). 
The evaluation of } p1 a had been an 
open question until Euler discovered in 


Euler’s proof, which would not be 
considered sufficiently rigorous by 


today’s standards, was quite 
different from the technique used in 
the example below. 


1734 that this infinite sum equals i 


1 1 1 n? 
11.32 Example 2 H 72 H 32 SE A 
Define f € L?(dƏD) by f(e”) = t for t € (—7, 7t]. Then f(0) = [7 t # = 


For n € Z \ {0}, we have 


a ue int dt 
= t —int E 
f(n) i: i 27T 


= tent ia n 1 L ezint dt 
—i2nnli=-r | inden 270 


where the second line above follows from integration by parts. The equation above 
implies that 


foe) N foe) 1 
11.33 Z Fm? =2 Y z 
=—0o n=1 
Also, 
dt m2 
11.34 ar P= 
I= J m3 


Parseval’s identity [8.63(c)] implies that the left side of 11.33 equals the left side of 
11.34. Setting the right side of 11.33 equal to the right side of 11.34 shows that 
D 1 7 
n2? 6° 


n=1 
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Convolution on Unit Circle 
Recall that 
11.35 (Prf)(z) = apd OE0) do(w) 


for f € L! (ƏD), 0< r< 1,andz € ðD (see 11.15). The kind of integral formula 
that appears in the result above is so useful that it gets a special name and notation. 


11.36 Definition convolution; f * g 


Suppose f, g € L1 (ƏD). The convolution of f and g is denoted f * g and is the 
function defined by 


F=) = f f0) do(w) 


for those z € ƏD for which the integral above makes sense. 


Thus 11.35 states that P, f = f x P,. Here f € L! (ðD) and P, € L” (ƏD); hence 
there is no problem with the integral in the definition of f x P, being defined for all 
z € OD. See Exercise 11 for an interpretation of convolution when the functions are 
transferred to the real line. 

The definition above of the convolution of two functions allows both functions to 
be in L'(0D). The product of two functions in Lt (ƏD) is not, in general, in L'(0D). 
Thus it is not obvious that the convolution of two functions in L'(dD) is defined 
anywhere. However, the next result shows that all is well. 


11.37 convolution of two functions in L! (dD) is in L! (dD) 


If f,g € L! (ðD), then (f * g)(z) is defined for almost every z € ƏD. Further- 
more, f * g € L! (ƏD) and ||f * gll < ||flla Ilgll- 


Proof Suppose f,g € £L'(dD). The function (w,z) ++ f(w)g (zW) is a measur- 
able function on ðD x OD, as you are asked to show in Exercise 4. Now Tonelli’s 
Theorem (5.28) and 11.17 imply that 


[n prosara = re f tem arene 
= | |f(w)lilgll dow) 


dD 


= |lflla Ws. 


The equation above implies that [5,|f(w)g(zw)|do(w) < œ for almost every 
z € OD. Thus (f x g)(Z) is defined for almost every z € OD. 
The equation above also implies that || f * g|]1 < || fla | gII1- 


Soon we will apply convolution results to Poisson integrals. However, first we 
need to extend the previous result by bounding || f * g|| when g € LP(dD). 
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11.38 L?-norm of a convolution 


Suppose 1 < p < œ, f € L'(AD), and g € L” (ƏD). Then 


lf * slp < flh lisllp- 


Proof We use the following result to estimate the norm in L? (9D): 


If F: ƏD — C is measurable and 1 < p < œ, then 


11.39 ||F]lp = sup{ / |Fh| do: h € L?(AD) and |jhlly = 1}. 
D 


Hölder’s inequality (7.9) shows that the left side of the equation above is greater 
than or equal to the right side. The inequality in the other direction almost follows 
from 7.12, but 7.12 would require the hypothesis that f € L? (ƏD) (and we want the 
equation above to hold even if || f|| = cc). To get around this problem, apply 7.12 
to truncations of F and use the Monotone Convergence Theorem (3.11); the details 
of verifying 11.39 are left to the reader. 

Suppose h € LP'(ƏD) and ||h||,,, = 1. Then 


lp 
[ ls) @)h@)| arl) < k a do(z) 
(w)| [| |g(z)h(z)| do(z) dow) 
< e dow) 


11.40 = If lla 


where the second line above follows from Tonelli’s Theorem (5.28) and the third line 
follows from Hélder’s inequality (7.9) and 11.17. Now 11.39 (with F = f * g) and 


11.40 imply that || f * glp < fll Ilgllp- 


Order does not matter in convolutions, as we now prove. 


11.41 convolution is commutative 


Suppose f,g € L! (ƏD). Then f xg = g * f. 


Proof Suppose z € ƏD is such that (f * g) (z) is defined. Then 


CDe) = f fom do(w) = f DO dol) = (8 fe) 


where the second equality follows from making the substitution ¢ = zw (which 
implies that w = z€); the invariance of the integral under this substitution is explained 
in connection with 11.17. 
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Now we come to a major result, stating that for p € [1, 00), the Poisson integrals 
of functions in L” (9D) converge in the norm of L? (ƏD). This result fails for p = 00 
[see, for example, Exercise 12(d) in Section 11A]. 


11.42 if f € LP (ƏD), then P,f converges to f in LP (9D) 


Suppose 1 < p < œ and f € L” (ƏD). Then wa — Prf lp = 0. 
ie 


Proof Suppose € > 0. Let g: dD — C be a continuous function on dD such that 


lf -gllp < £. 
By 11.18, there exists R € [0,1) such that 
IIS — Prsllo < £ 
for all r € (R,1). Ifr € (R,1), then 
If — Prfllp < I- sllp + ll — Prallp + |Pr8 — P: flp 
<ét|lg — Prglleo + Il Pr(g — f)llp 
< 2e + ||P, * (g—f)Ilp 


< 2e + ||Prlla lig — f lp 
< 3g, 


where the third line above is justified by 11.41, the fourth line above is justified by 
11.38, and the last line above is justified by the equation ||P, ||ı = 1, which follows 
from 11.16(a) and 11.16(b). The last inequality implies that lim||f — Prf \lp = 0. 

r 


As a consequence of the result above, we can now prove that functions in L1 (3D), 
and thus functions in LP” (ƏD) for every p € [1,00], are uniquely determined by 
their Fourier coefficients. Specifically, if g,h € L! (ƏD) and (n) = h(n) for every 
n € Z, then applying the result below to g — h shows that g = h. 


11.43 functions are determined by their Fourier coefficients 


Suppose f € L! (ƏD) and f(n) = 0 for every n € Z. Then f = 0. 


Proof Because P,f is defined in terms of Fourier coefficients (see 11.11), we know 
that P,f = 0 for allr € [0,1). Because P,f — f in L! (ƏD) as r f 1 [by 11.42]), 
this implies that f = 0. 


Our next result shows that multiplication of Fourier coefficients corresponds to 
convolution of the corresponding functions. 
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11.44 Fourier coefficients of a convolution 


Suppose f,¢ € L!(dD). Then 


(f « 3) (n) = f(n) (n) 


for every n € Z. 


Proof First note that if w € ƏD and n € Z, then 
11.45 I g(z0)Z" do (z) = ‘| gW" do(Z) = w7G(n), 
oD oD 


where the first equality comes from the substitution € = zw (equivalent to z = Cw), 
which is justified by the rotation invariance of ø. 
Now 


(Fs) (n) = f (fg) eZ doz) 


dD 


= ae pf e820) do(w) do(z) 


-— f(w) [3 (eo)? arte) do(w) 
= | fgn) dow) 


= f(n) §(n), 
where the interchange of integration order in the third equality is justified by the same 
steps used in the proof of 11.37 and the fourth equality above is justified by 11.45. 


The next result could be proved by appropriate uses of Tonelli’s Theorem and 
Fubini’s Theorem. However, the slick proof technique used in the proof below should 
be useful in dealing with some of the exercises. 


11.46 convolution is associative 


Suppose f,g,h € L! (ƏD). Then (f *g) xh = f * (g * h). 


Proof Suppose n € Z. Using 11.44 twice, we have 


((f #3) «h) (n) = C * 8) (n)h(n) = f(n) 


OQ 
E 
a 
x 
= 
— 
a 


Similarly, 

(f * (8 *h)) (n) = f(n)(g*h)(n) = f(n)g(n)h(n). 
Hence (f x g) *h and f * (g x h) have the same Fourier coefficients. Because 
functions in L! (ðD) are determined by their Fourier coefficients (see 11.43), this 


implies that (f x g) xh = f x» (Q x h). 
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EXERCISES 11B 


1 


10 


Show that the family {ex }kez of trigonometric functions defined by 11.1 is an 
orthonormal basis of L? ((—7r, 7t]). 


Use the result of Exercise 12(a) in Section 11A to show that 
1 1 1 ne 


ie 


œo 
Use techniques similar to Example 11.32 to evaluate L = 
n=1 
[If you feel industrious, you may also want to evaluate )\y_, 1/n°. Similar 
techniques work to evaluate § 7—1 1/ nk for each positive even integer k. You can 
become famous if you figure out how to evaluate } >: 1/n?, which currently is 
an open question. | 


Suppose f,g: dD — C are measurable functions. Prove that the function 
(w,z) ++ f(w)g(z@) is a measurable function from dD x OD to C. 

[Here the o-algebra on 0D x OD is the usual product o-algebra as defined in 
5.2.] 


Where does the proof of 11.42 fail when p = œ? 


Suppose f € L! (ƏD). Prove that f is real valued (almost everywhere) if and 
only if f(—n) = f(n) for every n € Z. 


Suppose f € L! (ƏD). Show that f € L? (ƏD) ifandonly if )° |f(n)|? < œ. 


n=—0o 


Suppose f € L? (ðD). Prove that | f(z)| = 1 for almost every z € OD if and 
only if 


for all n € Z. 
For this exercise, for each r € [0, 1) think of P, as an operator on L2 (dD). 
(a) Show that P, is a self-adjoint compact operator for each r € [0,1). 


(b) For each r € (0, 1), find all eigenvalues and eigenvectors of P,. 
(c) Prove or disprove: lim, ||I — P;|| = 0. 


Suppose f € L! (ƏD). Define T: L?(0D) — L?(0D) by Tg = f * g. 

(a) Show that T is a compact operator on L? (3D). 

(b) Prove that T is injective if and only if f(n) Æ 0 for every n € Z. 

(c) Find a formula for T*. 

(d) Prove: T is self-adjoint if and only if all Fourier coefficients of f are real. 


(e) Show that T is a normal operator. 
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Show that if f, g € L'(dD) then 


H= f Feogt—x) ax 


for those t € R such that (f x g) (e) makes sense; here (f * gY", f, and & 
denote the transfers to the real line as defined in 11.24. 


Suppose 1 < p < œ. Prove that if f € L” (3D) and g € L?’ (AD), then f * g 
is a continuous function on 0D. 


Suppose g € Lt (ƏD) is such that (n) Æ 0 for infinitely many n € Z. Prove 
that if f € L1 (ƏD) and f * g = g, then f = 0. 


Show that there exists a two-sided sequence .. ., b2, b—1, bo, b1, b2, . . . such 
that lim by = 0 but there does not exist f € L! (ƏD) with f(n) = by for all 
n— 00 


neEZ. 


Prove that if f, g € L*(dD), then 
YL fsa - 
k=—0o 
for every n € Z. 
Suppose f € L! (ƏD). Prove that P;(Psf) = Prsf for all r,s € [0,1). 


Suppose p € [1,00] and f € LP” (ƏD). Prove that if0 < r < s < 1, then 


|Prfllp < llPsfllp- 


Prove Wirtinger’s inequality: If f: R — R is a continuously differentiable 
27-periodic function and f7 f(t) dt = 0, then 


[Eas [i ya 


=70 =F 


with equality if and only if f (t) = asin(t) + bcos(t) for some constants a, b. 
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11C Fourier Transform 


Fourier Transform on L!(R) 


We now switch from consideration of functions defined on the unit circle dD to 
consideration of functions defined on the real line R. Instead of dealing with Fourier 
coefficients and Fourier series, we now deal with Fourier transforms. 

Recall that f ee f(x)dx means fo f dA, where A denotes Lebesgue measure 
on R, and similarly if a dummy variable other than x is used (see 3.39). Similarly, 
LP (R) means L” (A) (the version that allows the functions to be complex valued). 


fllp = (SSc|F (x)? ax)'”? for 1 < p <0. 


Thus in this section, 


11.47 Definition Fourier transform 


For f € L! (R), the Fourier transform of f is the function f: R — C defined by 


OSI Or ee 


We use the same notation f for the Fourier transform as we did for Fourier 
coefficients. The analogies that we will see between the two concepts makes using 
the same notation reasonable. The context should make it clear whether this notation 
refers to Fourier transforms (when we are working with functions defined on R) 
or whether the notation refers to Fourier coefficients (when we are working with 
functions defined on dD). 

The factor 27r that appears in the exponent in the definition above of the Fourier 
transform is a normalization factor. Without this normalization, we would lose the 
beautiful result that ||f||2 = || f||z (see 11.82). Another possible normalization, 
which is used by some books, is to define the Fourier transform of f at t to be 


[fee aaa 


There is no right or wrong way to do the normalization—pesky 7t’s will pop up 
somewhere regardless of the normalization or lack of normalization. However, the 
choice made in 11.47 seems to cause fewer problems than other choices. 


11.48 Example Fourier transforms 
(a) Suppose b < c. If t € R, then 


c i 
(Xe) Œ =f e?n dy 


i (ue = ea) 
= 27t 


c—b ift =0. 


ift £0, 
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(b) Suppose f(x) = e727! for x € R. Ift € R, then 
f) = H e 27 |x| e=2ritx qy 


0 i oo ; 
— i, e272 p—27itx dx +f e 27x p7 2Titx dx 
—o00 0 


B 1 1 
27n(1—it) ' 27(1+it) 

o 1 

~ a+) 


Recall that the Riemann—Lebesgue Lemma on the unit circle 0D states that if 
fE L! (ƏD), then limn— too f (n) = 0 (see 11.10). Now we come to the analogous 
result in the context of the real line. 


11.49 Riemann-Lebesgue Lemma 


Suppose f € LI (R). Then f is uniformly continuous on R. Furthermore, 


Ifl < Ifl and lim f(t) = 0. 


Proof Because jena = 1 forall t € R and all x € R, the definition of the 
Fourier transform implies that if t € R then 


POLS fT Olax = lfl: 


Thus || fll < [fh 

If f is the characteristic function of a bounded interval, then the formula in 
Example 11.48(a) shows that f is uniformly continuous on R and lim; f (t) =0. 
Thus the same result holds for finite linear combinations of such functions. Such 
finite linear combinations are called step functions (see 3.46). 

Now consider arbitrary f € L!(R). There exists a sequence fi, f2, . .. of step 
functions in L!(R) such that limg_500||f — fxl|1 = 0 (by 3.47). Thus 


lim |f- flle = 0. 
—00 


In other words, the sequence fi fo ... converges uniformly on R to f . Because the 
uniform limit of uniformly continuous functions is uniformly continuous, we can 
conclude that f is uniformly continuous on R. Furthermore, the uniform limit of 
functions on R each of which has limit 0 at +00 also has limit 0 at +00, completing 
the proof. 


The next result gives a condition that forces the Fourier transform of a function to 
be continuously differentiable. This result also gives a formula for the derivative of 
the Fourier transform. See Exercise 8 for a formula for the n' derivative. 
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11.50 derivative of a Fourier transform 


Suppose f € L!(R). Define g: R + C by g(x) = xf (x). If g € L!(R), then 
f is a continuously differentiable function on R and 


(AV (E) = -27i (t) 


forallt € R. 


Proof Fixt € R. Then 


F( 


pote) =70 = tim f” fa aa (T) ay 


s—0 S s—0 S 


e 7 27tIsx 


[foe (ig) a 


a xf (x)e 7" dx 


= —2riĝ(t), 


where the second equality is justified by using the inequality |e!? — 1| < @ (valid 
for all @ € R, as the reader should verify) to show that | (e72™s* — 1)/s| < 27r|x| 
for all s € R \ {0} and all x € R; the hypothesis that xf (x) € LI (R) and the 
Dominated Convergence Theorem (3.31) then allow for the interchange of the limit 
and the integral that is used in the second equality above. 

The equation above shows that f is differentiable and that (Î)' (t) = —27tiê (t) 
for all t € R. Because ¢ is continuous on R (by 11.49), we can also conclude that f 
is continuously differentiable. 


11.51 Example eo nx equals its Fourier transform 


Suppose f € L!(R) is defined by f(x) = e-7™° Then the function gi: ROC 
defined by g(x) = xf (x) = xe~™ isin L! (R). Hence 11.50 implies that if t € R 
then 


(f)'(t) = -27i | ye T enix dx 


—o 
PES as xX=00 <a 
Z (ie TX o Al -27t | eX e 27citx dx 
x=— 00 —oo 


11.52 = —2ntf(t), 


where the second equality follows from integration by parts (if you are nervous about 
doing an integration by parts from —oo to ov, change each integral to be the limit as 
M —> œ of the integral from —M to M). 
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Note that f’ (t) = ~2nte™ = —27t f(t). Combining this equation with 11.52 
shows that 


(Eyo -OPO -r00 _ FOAO-FOFO _ 

f TO (F(#))” 

for all t € R. Thus f / f is a constant function. In other words, there exists c € C 
such that f = cf. To evaluate c, note that 


11.53 f(0) = / e-™ dy = 1 = f(0), 
where the integral above is evaluated by writing its square as the integral times the 
same integral but using y instead of x for the dummy variable and then converting to 
polar coordinates (dx dy = r dr d0). 

Clearly 11.53 implies that c = 1. Thus f =j: 


The next result gives a formula for the Fourier transform of a derivative. See 
Exercise 9 for a formula for the Fourier transform of the n™ derivative. 


11.54 Fourier transform of a derivative 


Suppose f € L!(R) is a continuously differentiable function and f’ € L'(R). 


Ift € R, then 


(f') (t) = 2nitf (t). 


Proof Suppose £ > 0. Because f and f’ are in L'(R), there exists a € R such that 


[lf @lar<e and |f(a)| <e. 
Now ifb > a then 
b co 
O= |S roas S EON dol < 2. 


Hence liMmy—o f (x) = 0. Similarly, limx——o f(x) = 0. 
If t € R, then 


(FY) = f fee ax 
= poeme ll + 2xit a fine" dx 


= 2nitf(t), 


where the second equality comes from integration by parts and the third equality 
holds because we showed in the paragraph above that limy—.+00 f(x) = 0. 


The next result gives formulas for the Fourier transforms of some algebraic 
transformations of a function. Proofs of these formulas are left to the reader. 
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11.55 Fourier transforms of translations, rotations, and dilations 


Suppose f € L1(R),b € R,andt € R. 


(a) If g(x) = f(x — b) for all x € R, then g(t) = e7?™®* f(t). 


(b) If g(x) = e2#* f(x) for all x € R, then $(t) = f(t — b). 


(c) Ifb AO and g(x) = f (bx) for all x € R, then $(t) = 


11.56 Example Fourier transform of a rotation of an exponential function 


Suppose y > 0, x € R, and h(t) = e~27¥l"le27t, To find the Fourier transform 
of h, first consider the function g defined by g(t) = e~27¥l4l. By 11.48(b) and 
11.55(c), we have 


11.57 j= : E 
f 2 2 2° 
Yn((E+1) Pty 


Now 11.55(b) implies that 


x 1 y 
11.58 (= Gant 


note that x is a constant in the definition of h, which has t as the variable, but x is the 
variable in 11.55(b)—this slightly awkward permutation of variables is done in this 
example to make a later reference to 11.58 come out cleaner. 


The next result will be immensely useful later in this section. 


11.59 integral of a function times a Fourier transform 


Suppose f, g € L! (R). Then 


f FOO t= fT FOO dt 


Proof Both integrals in the equation above make sense because f, g € L! (R) and 
f ,& € L™(R) (by 11.49). Using the definition of the Fourier transform, we have 


m Ff(t)g(t) dt = fs Lee dx di 
= f fŒ D a dt dx 


= f? Fa) d, 


where Tonelli’s Theorem and Fubini’s Theorem justify the second equality. Changing 
the dummy variable x to t in the last expression gives the desired result. 
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Convolution on R 


Our next big goal is to prove the Fourier Inversion Formula. This remarkable formula, 
discovered by Fourier, states that if f € L'(R) and f € L! (R), then 


11.60 f(x)= m fee dt 


for almost every x € R. We will eventually prove this result (see 11.76), but first we 
need to develop some tools that will be used in the proof. To motivate these tools, we 
look at the right side of the equation above for fixed x € R and see what we would 
need to prove that it equals f (x). 

To get from the right side of 11.60 to an expression involving f rather than Ô , we 
should be tempted to use 11.59. However, we cannot use 11.59 because the function 
tr» e27X! is not in L! (R), which is a hypothesis needed for 11.59. Thus we throw 
in a convenient convergence factor, fixing y > 0 and considering the integral 


o0 n 
11.61 / f (the 27 yl erit qt, 
—oo 


The convergence factor above is a good choice because for fixed y > 0 the function 
t — e~27Ylt is in L1(R), and limy|o e~27ylt| — 1 for every t € R (which means 
that 11.61 may be a good approximation to 11.60 for y close to 0). 

Now let’s be rigorous. Suppose f € L'(R). Fix y > 0 and x € R. Define 
h: R > C by h(t) = e~27l4e2*#. Then h € L!(R) and 


[fede rrvtleest at = f AONE at 
= f FORA) dt 


ne a y 
11.62 =z Opry 


where the second equality comes from 11.59 and the third equality comes from 11.58. 
We will come back to the specific formula in 11.62 later, but for now we use 11.62 as 
motivation for study of expressions of the form f% f(t)g(x — t) dt. Thus we have 
been led to the following definition. 


11.63 Definition convolution; f x g 


Suppose f,g: R — C are measurable functions. The convolution of f and g is 
denoted f * g and is the function defined by 


CDa) =f FOs- i)a 


for those x € R for which the integral above makes sense. 
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Here we are using the same terminology and notation as was used for the convolu- 
tion of functions on the unit circle. Recall that if F, G € L! (ƏD), then 


. m f fon ke cel 
(F «G)(e) = J F(e*)G(el6-8)) & 
= 270 
for 6 € R (see 11.36). The context should always indicate whether f x g denotes 
convolution on the unit circle or convolution on the real line. The formal similarities 
between the two notions of convolution make many of the proofs transfer in either 
direction from one context to the other. 
If f,g € L'(R), then f * g is defined 
P 
for almost every x € R, and furthermore y1 sofe k (R), and 
If * sll < Ifl ligll1 @s you should |8 E L” (R), then Holder's 
verify by translating the proof of 11.37 to | “equality (7.9) and the translation 
the context of R). invariance of Lebesgue measure 
If p € (1,co], then neither L! (R) nor | PPY (f * 8) (x) is defined for all 
LP (R) is a subset of the other [unlike the | ¥ € R and IIf * gle < |Ifllp Isl pr 
inċlüsion L? (aD) c L1(aD)}. Thus we (more is true; with these hypothesis, 
do not yet know that f x g makes sense f * 8 is a uniformly continuous 
for f € L! (R) and g € LP (R). However, function on R, as you are asked to 
the next result shows that all is well. show in Exercise 10). 


11.64 L?-norm of a convolution 


Suppose 1 < p < œ, f € L1(R), and g € LP (R). Then (f * g)(x) is defined 


for almost every x € R. Furthermore, 


IIf * slp < Ifl lisllp- 


Proof First consider the case where f(x) > 0 and g(x) > 0 for almost every 
x € R. Thus (f * g) (x) is defined for each x € R, although its value might equal oo. 
Apply the proof of 11.38 to the context of R, concluding that ||f * g|lp < ||fll1 ligllp 
[which implies that (f * g)(x) < œ for almost every x € R]. 

Now consider arbitrary f € L'(R), and g € L?(R). Apply the case of the 
previous paragraph to |f| and |g] to get the desired conclusions. 


The next proof, as is the case for several other proofs in this section, asks the 
reader to transfer the proof of the analogous result from the context of the unit circle 
to the context of the real line. This should require only minor adjustments of a proof 
from one of the two previous sections. The best way to learn this material is to write 
out for yourself the required proof in the context of the real line. 


11.65 convolution is commutative 


Suppose f,g: R — C are measurable functions and x € R is such that 
(f x g) (x) is defined. Then (f * g)(x) = (g x f)(x). 


Proof Adjust the proof of 11.41 to the context of R. 
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Our next result shows that multiplication of Fourier transforms corresponds to 
convolution of the corresponding functions. 


11.66 Fourier transform of a convolution 


Suppose f, g € L! (R). Then 


(8y) = fS) 


for every t € R. 


Proof Adjust the proof of 11.44 to the context of R. 


Poisson Kernel on Upper Half-Plane 


As usual, we identify R? with C, as illustrated in the following definition. We will 
see that the upper half-plane plays a role in the context of R similar to the role that 
the open unit disk plays in the context of dD. 


11.67 Definition H; upper half-plane 
e H denotes the open upper half-plane in R?: 
H = { (x,y) € R? : y > 0} = {z € C : Imz > 0}. 
e OH is identified with the real line: 


ƏH = {(x,y) € R? : y =0} = {z € C : Imz = 0) =R. 


Recall that we defined a family of functions on 0D called the Poisson kernel on D 
(see 11.14, where the family is called the Poisson kernel on D because 0 < r < 1 and 
¢ € dD implies rg € D). Now we are ready to define a family of functions on R that 
is called the Poisson kernel on H [because x € R and y > 0 implies (x,y) € H]. 

The following definition is motivated by 11.62. The notation P, for the Poisson 
kernel on D and P, for the Poisson kernel on H is potentially ambiguous (what is 
P4 /2?), but the intended meaning should always be clear from the context. 


11.68 Definition P,; Poisson kernel 


e For y > 0, define Py: R — (0,00) by 


e The family of functions {Py }y>o is called the Poisson kernel on H. 
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The properties of the Poisson kernel on H listed in the result below should be 
compared to the corresponding properties (see 11.16) of the Poisson kernel on D. 


11.69 properties of P} 


(a) P,(x) > 0 forall y > 0 and all x € R. 


(b) / P(x) dx = 1 for each y > 0. 


(c) lim / P(x) dx = 0 for each ô > 0. 
y40 J{xER:|x|>5} 


Proof Part (a) follows immediately from the definition of P,(x) given in 11.68. 
Parts (b) and (c) follow from explicitly evaluating the integrals, using the result 
that for each y > 0, an anti-derivative of P,(x) (as a function of x) is L arctan y 


If p € [L œ] and f € LP(R) and y > 0, then f * P) makes sense because 
P, € LP'(R). Thus the following definition makes sense. 


11.70 Definition P,f 
For f € L?(R) for some p € [1,00] and for y > 0, define Py f : R + C by 
By he Ero eeu Ae 
P= f fOR-a=— f Ogar 


for x € R. In other words, Pyf = f * Py. 


The next result is analogous to 11.18, 
except that now we need to include in the 
hypothesis that our function is uniformly 
continuous and bounded (those conditions 
follow automatically from continuity in 
the context of the unit circle). 

For the proof of the result below, you 
should use the properties in 11.69 instead 
of the corresponding properties in 11.16. 


When Napoleon appointed Fourier 
to an administrative position in 
1806, Siméon Poisson (1781-1840) 
was appointed to the professor 
position at Ecole Polytechnique 
vacated by Fourier. Poisson 
published over 300 mathematical 
papers during his lifetime. 


11.71 if f is uniformly continuous and bounded, then Mal f —Pyflloo = 0 
y 


Suppose f : R — C is uniformly continuous and bounded. Then Py f converges 
uniformly to f on R as y | 0. 


Proof Adjust the proof of 11.18 to the context of R. 
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The function u defined in the result below is called the Poisson integral of f on H. 


11.72 Poisson integral is harmonic 


Suppose f € LP (R) for some p € [1,00]. Define u: H — C by 


u(x,y) = (Pyf) (x) 


for x € Rand y > 0. Then u is harmonic on H. 


Proof First we consider the case where f is real valued. For x € R and y > 0, let 
zZ=x-+iy. Then 
y 1 
(x —t)* +y? 2 


for t € R. Thus 


u(x,y) =—Im= f" fe) 


The y Zhe — JS, f( HL z dt is analytic on H; its derivative is the function 


z—t 


Zh i. ol Oca dt fateh cation for this statement is in the next paragraph). 
In other words, we can differentiate (with respect to z) under the integral sign in 
the expression above. Because u is the imaginary part of an analytic function, u is 
harmonic on H, as desired. 

To justify the eran under the D sign, fix z € H and define a 
_ H > Cby g(z) = — f(t) dt. Then 


sow DE a= f? fO G= Fa Gowan 


As w —> z, the function t —> bag goes to 0 in the norm of L”'(R). Thus 
na s mn, Sa 9) and the equation above imply that g’(z) exists and that 


=f". ans dt, as desired. 


We have now solved the Dirichlet problem on the half-space for uniformly contin- 
uous, bounded functions on R (see 11.21 for the statement of the Dirichlet problem). 


11.73 Poisson integral solves Dirichlet problem on half-plane 


Suppose f: R — C is uniformly continuous and bounded. Define u : H-C 
by 


_ J (Pyf)(x) ifx e Randy > 0, 
ay) = | if x € Randy =0. 


Then u is continuous on H, u|y is harmonic, and uly = f. 


Proof Adjust the proof of 11.23 to the context of R; now you will need to use 11.71 
and 11.72 instead of the corresponding results for the unit circle. 
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The next result, which states that the 
Poisson integrals of functions in L?(R) 
converge in the norm of L?(R), will be 
a major tool in proving the Fourier Inver- 
sion Formula and other results later in this 
section. 

For the result below, the proof of the corresponding result on the unit circle (11.42) 
does not transfer to the context of R (because the inequality ||-||p < ||-||.o fails in the 
context of R). 


Poisson and Fourier are two of the 
72 mathematicians/scientists whose 


names are prominently inscribed on 
the Eiffel Tower in Paris. 


11.74 if f € LP (R), then Pyf converges to f in LP (R) 


Suppose 1 < p < œ and f € L” (R). Then na- Pyfillp = 0. 
Y 


Proof Ify > 0 and x € R, then 


FO — (PAOI = |f) - j Fle PP (E) a 


=|["¢ f(x —#))Py(t) a 


/p 


11.75 ue f(x —#)|PP,(t) (sat): f 


where the inequality comes from applying 7.10 to the measure Py dt (note that the 
measure of R with respect to this measure is 1). 
Define h: R — [0, œ) by 


n(t) = f f6) -f-t ax 


Then A is a bounded function that is uniformly continuous on R [by Exercise 23(a) in 
Section 7A]. Furthermore, h(0) = 0. 

Raising both sides of 11.75 to the o power and then integrating over R with 
respect to x, we have 


Wf—Pufllh < ff FO- fa- DIPPE) at ax 
er: 
-fa 
= (Pyh)(0). 


Now 11.71 implies that lira (yA) (0) = h(0) = 0. Hence the last inequality above 
y. 
implies that tisay — Pyf lp —0. 
y. 
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Fourier Inversion Formula 


Now we can prove the remarkable Fourier Inversion Formula. 


11.76 Fourier Inversion Formula 


Suppose f € L1(R) and f € L! (R). Then 


E hoes 


for almost every x € R. In other words, 


f(x) = Ax) 


for almost every x € R. 


Proof Equation 11.62 states that 


11.77 I, Fe leeri t = (Py f)(x) 


for every x € R and every y > 0. 

Because f € LI (R), the Dominated Convergence Theorem (3.31) implies that for 
every x € R, the left side of 11.77 has limit (f)°(—x) as y | 0. 

Because f € L! (R), 11.74 implies that lim, || — Pyf|lı = 0. Now 7.23 im- 
plies that there is a sequence of positive numbers y1, Y2, . . . such that liMn—oo Yn = 0 
and limy—co(Py, f)(x) = f(x) for almost every x € R. 

Combining the results in the two previous paragraphs and equation 11.77 shows 
that f(x) = (f)°(—x) for almost every x € R. 


The Fourier transform of a function in L1 (R) is a uniformly continuous function on 
R (by 11.49). Thus the Fourier Inversion Formula (11.76) implies that if f € L! (R) 
and f € LI(R), then f can be modified on a set of measure zero to become a 
uniformly continuous function on R. 

The Fourier Inversion Formula now allows us to calculate the Fourier transform 
of Py for each y > 0. 


11.78 Example Fourier transform of Py 
Suppose y > 0. Define f: R > (0,1] by 
ft) = e7 2yltl 


Then f = P, by 11.57. Hence both f and f are in L! (R). Thus we can apply the 
Fourier Inversion Formula (11.76), concluding that 


A 


11.79 (E, &) = (PY (x) = f(x) = Hh 


forall x € R. 
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Now we can prove that the map on L!(R) defined by f +> f is one-to-one. 


11.80 functions are determined by their Fourier transforms 


Suppose f € £1(R) and f(t) = 0 for every t € R. Then f = 0. 


Proof Because f = 0, we also have (f)° = 0. The Fourier Inversion Formula 
(11.76) now implies that f = 0. 


The next result could be proved directly using the definition of convolution and 
Tonelli’s/Fubini’s Theorems. However, the following cute proof deserves to be seen. 


11.81 convolution is associative 


Suppose f,g,h € L!(R). Then (f xg) xh = f x (g * h). 


Proof The Fourier transform of (f * g) * h and the Fourier transform of f * (g * h) 
both equal Ô oh (by 11.66). Because the Fourier transform is a one-to-one mapping 
on L! (R) [see 11.80], this implies that (f x g) x h = f x (g * h). 

Extending Fourier Transform to L? (R) 

We now prove that the map f +> f preserves L? (R) norms on L! (R) N L? (R). 


11.82 Plancherel’s Theorem: Fourier transform preserves L?(R) norms 


Suppose f € L! (R) N L?(R). Then ||Îll2 = || fl2. 


Proof First consider the case where f € L!(R) in addition to the hypothesis that 
f € L'(R) A L?(R). Define g: R > C by g(x) = f(—x). Then ¢(t) = f(t) for 
all t € R, as is easy to verify. Now 


WAR = fF) FC) ax 


= f? H-a 
11.83 = AY ge) ax 
11.84 z i F (x) $(x) dx 

= [7 fofa 
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where 11.83 holds by the Fourier Inversion Formula (11.76) and 11.84 follows from 
11.59. The equation above shows that our desired result holds in the case when 
f = TAR). 

Now consider arbitrary f € L! (R)  L?(R). If y > 0, then f * Py € L1(R) by 
11.64. If x € R, then 


(f * PY (x) = f(x) PY (x) 
11.85 = f(x)e27¥*1, 


where the first equality above comes from 11.66 and the second equality comes from 
11.79. The equation above shows that (f * Py)” € L'(R). Thus we can apply the 
first case to f x Py, concluding that 


IIf * Pyll = IQ * Pyl 


As y | 0, the left side of the equation above converges to ||f||2 [by 11.74]. As y | 0, 
the right side of the equation above converges to || f || [by the explicit formula for 
f* Py given in 11.85 and the Monotone Convergence Theorem (3.11)]. Thus the 
equation above implies that || f ||2 = || fll2. 


Because L!(R) N L?(R) is dense in L*(R), Plancherel’s Theorem (1 1.82) allows 
us to extend the map f ++ f uniquely to a bounded linear map from L?(R) to L?(R) 
(see Exercise 14 in Section 6C). This extension is called the Fourier transform on 


L?(R); it gets its own notation, as shown below. 


The Fourier transform F on L?(R) is the bounded operator on L?(R) such that 
Ff =f forall f € L1(R)NL7(R). 


For f € L'(R)ML?(R), we can use either f or Ff to denote the Fourier 
transform of f. But if f € L'(R) \ L?(R), we will use only the notation f, and if 
f € L?(R) \ LI (R), we will use only the notation F f. 

Suppose f € L*(R) \ L!(R) and t € R. Do not make the mistake of thinking 
that (Ff) (t) equals 


T fee" dx. 


Indeed, the integral above makes no sense because | f(x)e~?™!*| = | f(x)| and 
f € L'(R). Instead of defining F f via the equation above, F f must be defined as the 
limit in L?(R) of (f,)*, (f2)*,-.., where fi, fo,... is a sequence in L!(R) N L?(R) 
such that 

lf — fall2 > O as n > ov. 


For example, one could take fy, = FxXn because If =i yjll2 — Oasn — œ 


yn 


by the Dominated Convergence Theorem (3.31). 
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Because F is obtained by continuously extending [in the norm of L?(R)] the 
Fourier transform from L!(R) N L? (R) to L?(R), we know that || Ff ||2 = || f |]2 for 
all f € L*(R). In other words, F is an isometry on L?(R). The next result shows 
that even more is true. 


11.87 properties of the Fourier transform on L? (R) 


(a) F is a unitary operator on L?(R). 


I 
© sF) Sse la 


Proof First we prove (b). Suppose f € L'(R) N L?(R). If y > 0, then Py € L1(R) 
and hence 11.64 implies that 


11.88 f * Py €L'(R)NL(R). 
Also, 
11.89 (f * Py)” € L'(R) N L?(R), 


as follows from the equation (f * Py)” = fe (P,)° [see 11.66] and the observation 
that f € L°(R), (Py)* € L*(R) [see 11.49 and 11.79] and the observation that 
f € L?(R), (Py)* € L®(R) [see 11.82 and 11.49}. 

Now the Fourier Inversion Formula (11.76) as applied to f * Py (which is valid by 
11.88 and 11.89) implies that 


Ff x Py) = f * By 


Taking the limit in L? (R) of both sides of the equation above as y { 0, we have 
F*f = f (by 11.74), completing the proof of (b). 

Plancherel’s Theorem (11.82) tells us that F is an isometry on LP(R). Part (a) 
implies that F is surjective. Because a surjective isometry is unitary (see 10.61), we 
conclude that F is unitary, completing the proof of (a). 

The Spectral Mapping Theorem [see 10.40—take p(z) = z4] and (b) imply that 
gt = 1 for each w € sp(T). In other words, sp(T) C {1,i,—1, —i}. However, 1, i, 
—1, —i are all eigenvalues of F (see Example 11.51 and Exercises 2, 3, and 4) and 
thus are all in sp(T). Hence sp(T) = {1,i, —1, —i}, completing the proof of (c). 


EXERCISES 11C 


1 Suppose f € L!(R). Prove that IF lloo = ||f\l1 if and only if there exists 
Ç € ƏD and t € R such that ¿f (x)e~"™ > 0 for almost every x € R. 


2 Suppose f(x) = xe~™ for all x € R. Show that f = —if. 
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Suppose f(x) = 4rx?e T? — e- 7 for all x € R. Show that f = —f. 
Find f € L! (R) such that f A 0 and f = if. 


Prove that if p is a polynomial on R with complex coefficients and f: R —> C 
is defined by f(x) = poe, then there exists a polynomial q on R with 


complex coefficients such that degq = deg p and f(t) = q(t)e-™ for all 
teR. 


Suppose 
—2"x ; 
xe ifx > 0, 
fœ) = l 
0 ifx <0. 
Show that Î(t) : for allt € R 
ow tha = —~——_,, fora ; 
An? (1 + it)? 
Prove the formulas in 11.55 for the Fourier transforms of translations, rotations, 


and dilations. 

Suppose f € L!(R) andn € Z*. Define g: R > C by g(x) = x" f(x). Prove 

that if g € L1(R), then f is n times continuously differentiable on R and 
(fF) (E) = (—27i)" g(t) 

forall t € R. 


Suppose n € Z* and f € L!(R) is n times continuously differentiable and 
f™ € L! (R). Prove that if t € R, then 


FOYE) = rit)" f(t). 


Suppose 1 < p < œ, f € LP(R), and g € L?(R). Prove that f * g is a 
uniformly continuous function on R. 


Suppose f € £L°(R), x € R, and f is continuous at x. Prove that 


lim(P f)(x) = f(x). 


y0 


Suppose p € [1,co] and f € L?(R). Prove that Py(Py f) = P. 


y+y' f for all 
y,y’ > 0. 


Suppose p € [1,00] and f € LP (R). Prove that if 0 < y < y’, then 
|Pyf lly = Py flp 


Suppose f € L!(R). 


(a) Prove that (f)*(t) = f(—t) forall t € R. 


(b) Prove that f(x) € R for almost every x € R if and only if f(t) = f(—t) 
forallf € R. 


15 


16 
17 


18 


19 


20 
21 
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Define f € L'(R) by f(x) =e-* x, _ (x). Show that f ¢ L1(R). 


[0, 00) 

Suppose f € L!(R) and f € L! (R). Prove that f € L?(R) and f € L?(R). 

Prove there exists a continuous function g: R — R such that „im (t)=0 
— 00 

andg ¢ {f : f € L'(R)}. 


Prove that if f € L! (R), then ||f||2 = ||fll2- 

[This exercise slightly improves Plancherel’s Theorem (11.82) because here we 
have the weaker hypothesis that f € L'(R) instead of f € L'(R) NL?(R). 
Because of Plancherel’s Theorem, here you need only prove that if f € L! (R) 
and ||f||2 = œ, then ||f||2 = 09.] 


Suppose y > 0. Define on operator T on L? (R) by Tf = f x Py. 


(a) Show that T is a self-adjoint operator on L? (R). 
(b) Show that sp(T) = [0,1]. 


[Because the spectrum of each compact operator is a countable set (by 10.93), 
part (b) above implies that T is not a compact operator. This conclusion differs 


from the situation on the unit circle—see Exercise 9 in Section 11B.] 


Prove that if f € L1(R) and g € L?(R), then F(f x g) = f- Fg. 
Prove that f,g € L? (R), then (fg) = (Ff) * (Fg). 
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Probability Measures 


Probability theory has become increasingly important in multiple parts of science. 
Getting deeply into probability theory requires a full book, not just a chapter. For 
readers who intend to pursue further studies in probability theory, this chapter gives 
you a good head start. For readers not intending to delve further into probability 
theory, this chapter gives you a taste of the subject. 

Modern probability theory makes major use of measure theory. As we will see, a 
probability measure is simply a measure such that the measure of the whole space 
equals 1. Thus a thorough understanding of the chapters of this book dealing with 
measure theory and integration provides a solid foundation for probability theory. 

However, probability theory is not simply the special case of measure theory where 
the whole space has measure 1. The questions that probability theory investigates 
differ from the questions natural to measure theory. For example, the probability 
notions of independent sets and independent random variables, which are introduced 
in this chapter, do not arise in measure theory. 

Even when concepts in probability theory have the same meaning as well-known 
concepts in measure theory, the terminology and notation can be quite different. Thus 
one goal of this chapter is to introduce the vocabulary of probability theory. This 
difference in vocabulary between probability theory and measure theory occurred 
because the two subjects had different historical developments, only coming together 
in the first half of the twentieth century. 


ee 
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Dice used in games of chance. The beginning of probability theory can be traced to 

correspondence in 1654 between Pierre de Fermat (1601—1665) and Blaise Pascal 

(1623-1662) about how to distribute fairly money bet on an unfinished game of dice. 
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Probability Spaces 


We begin with an intuitive and nonrigorous motivation. Suppose we pick a real 
number at random from the interval (0,1), with each real number having an equal 
probability of being chosen (whatever that means). What is the probability that the 
chosen number is in the interval (b 1)? The only reasonable answer to this question 
is b- More generally, if I, h, ... is a disjoint sequence of open intervals contained 
in (0,1), then the probability that our randomly chosen real number is in U4 In 
should be } p1 (In), where (I) denotes the length of an interval I. Still more 
generally, if A is a Borel subset of (0, 1), then the probability that our random number 
is in A should be the Lebesgue measure of A. 

With the paragraph above as motivation, we are now ready to define a probability 
measure. We will use the notation and terminology common in probability theory 
instead of the conventions of measure theory. 

In particular, the set in which everything takes place is now called Q instead of 
the usual X in measure theory. The o-algebra on Q is called F instead of S, which 
we have used in previous chapters. Our measure is now called P instead of u. This 
new notation and terminology can be disorienting when first encountered. However, 
reading this chapter should help you become comfortable with this notation and 
terminology, which are standard in probability theory. 


12.1 Definition probability measure 


Suppose F is a -algebra on a set Q. 


e A probability measure on (Q, F) is a measure P on (Q, F) such that 
RKO) = 1 


O is called the sample space. 


An event is an element of F (F need not be mentioned if it is clear from the 
context). 


If A is an event, then P(A) is called the probability of A. 


If P is a probability measure on (Q, F), then the triple (Q, F, P) is called a 
probability space. 


12.2 Example probability measures 


e Suppose n € Z* and Q is a set containing exactly n elements. Let F denote 
the collection of all subsets of Q. Then 


counting measure on Q 


n 


is a probability measure on (QO, F). 
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e As a more specific example of 
the previous item, suppose that 
Q = {40,41,...,49} and P = 
(counting measure on Q)/10. Let 
A = {w € Q : wiseven} and 
B = {w € Q : wisprime}. Then P(A) [which is the probability that an 
element of this sample space Q is even] is 5 and P(B) [which is the probability 


This example illustrates the common 
practice in probability theory of 


using lower case w to denote a 
typical element of upper case Q. 


that an element of this sample space Q is prime] is EA 


e Let A denote Lebesgue measure on the interval [0, 1]. Then A is a probability 
measure on ([0,1], 8), where 6 denotes the -algebra of Borel subsets of [0,1]. 


Let A denote Lebesgue measure on R, and let B denote the o-algebra of Borel 
subsets of R. Define h: R — (0,00) by h(x) = a ee Then hdd is a 
probability measure on (R, B) [see 9.6 for the definition of h dA]. 


In measure theory, we used the notation 7 , to denote the characteristic function 
of a set A. In probability theory, this function has a different name and different 
notation, as we see in the next definition. 


12.3 Definition indicator function; 1, 


If O is a set and A C OQ), then the indicator function of A is the function 
14: Q > R defined by 


L4(w) - {1 fee, 
OE ENG ec eA 


The next definition gives the replacement in probability theory for measure theory’s 
phrase almost every. 


12.4 Definition almost surely 


Suppose (Q, F, P) is a probability space. An event A is said to happen almost 
surely if the probability of A is 1, or equivalently if P(Q \ A) = 0. 


12.5 Example almost surely 


Let P denote Lebesgue measure on the interval [0,1]. If w € [0,1], then w is 
almost surely an irrational number (because the set of rational numbers has Lebesgue 
measure 0). 

This example shows that an event having probability 1 (equivalent to happening 
almost surely) does not mean that the event definitely happens. Conversely, an event 
having probability 0 does not mean that the event is impossible. Specifically, if a real 
number is chosen at random from [0,1] using Lebesgue measure as the probability, 
then the probability that the number is rational is 0, but that event can still happen. 
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The following result is frequently useful in probability theory. A careful reading of 
the proof of this result, as our first proof in this chapter, should give you good practice 
using some of the notation and terminology commonly used in probability theory. 
This proof also illustrates the point that having a good understanding of measure 
theory and integration can often be extremely useful in probability theory—here we 
use the Monotone Convergence Theorem. 


12.6 Borel—Cantelli Lemma 


Suppose (Q, F, P) is a probability space and A1, A2, . . . is a sequence of events 


such that jo 2) P(An) < œ. Then 


P({w € Q : w € An for infinitely many n € Z™}) = 0 


Proof Let A = {w € Q :w € An for infinitely many n € Z }. Then 


Thus A € F, and hence P(A) makes sense. 
The Monotone Convergence Theorem (3.11) implies that 


f(s) J)a =) È fae = Eea 


Thus } p1 14, is almost surely finite. Hence P(A) = 0. 


Independent Events and Independent Random Variables 


The notion of independent events, which we now define, is one of the key concepts 
that distinguishes probability theory from measure theory. 


12.7 Definition independent events 


Suppose (Q, F, P) is a probability space. 
e Two events A and B are called independent if 


P(ANB) = P(A) - P(B). 


e More generally, a family of events {Ax }per is called independent if 


P(Ax, Mess MN Ax, ) = PA) a - P(Ax,) 


whenever k1, .. ., kn are distinct elements of T. 


The next two examples should help develop your intuition about independent 
events. 
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12.8 Example independent events: coin tossing 


Suppose Q = {H, T}, where H and T are symbols that you can think of as 
denoting “heads” and “tails”. Thus elements of O are 4-tuples of the form 


w = (w1, w2, W3, w4), 


where each Wj is H or T. Let F be the collection of all subsets of Q, and let 
P= (counting measure on QO) / 16, as we expect from a fair coin toss. 
Let 


A= {w E Q : w1 = w = w3 = H} and B = {w E Q : w4 = H}. 


Then A contains two elements and thus P(A) = l corresponding to probability l 
that the first three coin tosses are all heads. Also, B contains eight elements and thus 
P(B) = i, corresponding to probability i that the fourth coin toss is heads. 

Now 

P(ANB) = % = P(A) - P(B), 
where the first equality holds because A N B consists of only the one element 
(H,H, H, H) and the second equality holds because P(A) = } and P(B) = 4. 
The equation above shows that A and B are independent events. 

If we toss a fair coin many times, we expect that about half the time it will be 
heads. Thus some people mistakenly believe that if the first three tosses of a fair 
coin are heads, then the fourth toss should have a higher probability of being tails, 
to balance out the previous heads. However, the coin cannot remember that it had 
three heads in a row, and thus the fourth coin toss has probability f of being heads 
regardless of the results of the three previous coin tosses. The independence of the 
events A and B above captures the notion that the results of a fair coin toss do not 
depend upon previous results. 


12.9 Example independent events: product probability space 
Suppose (Q4, Fy, Py) and (Q2, F2, P2) are probability spaces. Then 
(Q1 x O2, Fy ® Fa, Py x P2), 


as defined in Chapter 5, is also a probability space. 
If A € Fy and B € Fy, then (A x O2)N (Q1 x B) = A x B. Thus 


(P; x P2) ((A x O2) N (Q1 x B)) = (Pi x P2)(A x B) 

= Pi (A) - Pa(B) 

= (P1 x Pp)(A x Op) + (Pr x P2)(Q1 x B), 
where the second equality follows from the definition of the product measure, and 
the third equality holds because of the definition of the product measure and because 
P; and P are probability measures. 


The equation above shows that the events A x Op and Q, x B are independent 
events in F1 Q Fo. 
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Compare the next result to the Borel—Cantelli Lemma (12.6). 


12.10 relative of Borel—Cantelli Lemma 


Suppose (Q, F, P) is a probability space and {An }„ez+ is an independent 
family of events such that }p—4 P(An) = œ. Then 


P({w € Q: w € An for infinitely many n € Zt}) = 1. 


Proof Let A = {w € Q : w € An for infinitely many n € Z+}. Then 


12.11 Q\A= Ü N (O\ An). 


m=1 n=m 
If m, M € Z* are such that m < M, then 
M M 
P( N (Q\ An)) = J [ P(@\ An) 
n=m n=m 
M 
= II (1 = P(An)) 
n=m 
12.12 < e™ Liem P(An) 


where the first line holds because the family {Q \ An }nez+ is independent (see 
Exercise 4) and the third line holds because 1 — t < e~! for all t > 0. 

Because } 7—4 P(An) = œ, by choosing M large we can make the right side of 
12.12 as close to 0 as we wish. Thus 


CO 


P(N (Q\ An)) =0 


n=m 


for all m € Z*. Now 12.11 implies that P(O \ A) = 0. Thus we conclude that 
P(A) = 1, as desired. 


For the rest of this chapter, assume that F = R. Thus, for example, if (O, F,P)is 
a probability space, then £!(P) will always refer to the vector space of real-valued 
F -measurable functions on Q such that fa|f]dP < œ. 
12.13 Definition random variable; expectation; EX 
Suppose (Q, F, P) is a probability space. 
e A random variable on (Q, F) is a measurable function from Q to R. 


e If X € £'(P), then the expectation (sometimes called the expected value) 
of the random variable X is denoted EX and is defined by 


EX= i XaP. 
n 
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If F is clear from the context, the phrase “random variable on ©” can be used 
instead of the more precise phrase “random variable on (Q, F)”. If both Q and F 
are clear from the context, then the phrase “random variable” has no ambiguity and 
is often used. 

Because P(Q) = 1, the expectation EX of a random variable X € £1(P) can be 
thought of as the average or mean value of X. 

The next definition illustrates a convention often used in probability theory: the 
variable is often omitted when describing a set. Thus, for example, {X € U} means 
{w € Q : X(w) € U}, where U is a subset of R. Also, probabilists often also omit 
the set brackets, as we do for the first time in the second bullet point below, when 
appropriate parentheses are nearby. 


12.14 Definition independent random variables 


Suppose (Q, F, P) is a probability space. 


e Two random variables X and Y are called independent if {X € U} and 
{Y € V} are independent events for all Borel sets U, V in R. 


e More generally, a family of random variables {X+ }ķer is called independent 
if {Xp € Ux}xer is independent for all families of Borel sets {U,},er in R. 


12.15 Example independent random variables 


e Suppose (Q, F, P) is a probability space and A,B € F. Then 1, and 1g are 
independent random variables if and only if A and B are independent events, as 
you should verify. 


e Suppose Q = {H, T} is the sample space of four coin tosses, with Q and P as 
in Example 12.8. Define random variables X and Y by 
X (Ww 1, w2, w3, w4) = number of w1, w2, w3 that equal H 
and 
Y (w1, w2, w3, w4) = number of w3, w4 that equal H. 
Then X and Y are not independent random variables because P(X = 3) = l 
and P(Y = 0) = q but P({X =3} N {Y =0}) = P(Ø@)=0# 4-4. 


e Suppose (Q1, Fi, P1) and (Q2, F>, P2) are probability spaces, Z4 is a random 
variable on Q4, and Z3 is a random variable on Q7. Define random variables X 
and Y on Q4 X Q? by 


X(w1,w2) = Zı(w1) and Y(w1,w2) = Z2(w2). 


Then X and Y are independent random variables on Q4 x Qp (with respect to the 
probability measure P4 x P2), as you should verify. 


If X is a random variable and f: R — R is Borel measurable, then f o X is a 
random variable (by 2.44). For example, if X is a random variable, then X? and eX 
are random variables. The next result states that compositions preserve independence. 
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12.16 functions of independent random variables are independent 


Suppose (Q, F, P) is a probability space, X and Y are independent random 


variables, and f,g: R — R are Borel measurable. Then f o X and go Y are 
independent random variables. 


Proof Suppose U, V are Borel subsets of R. Then 
P({foX eU}N{goY € V}) = P({X € f U)} Nn {Y eg *(V)}) 
= P(X € f-*(u)) -P(Y € g™°(V)) 


=P(foX€Uu)-PigoYeEV), 


where the second equality holds because X and Y are independent random variables. 
The equation above shows that f o X and g o Y are independent random variables. 


If X,Y € L! (P), then clearly E(X + Y) = E(X) + E(Y). The next result gives 
a nice formula for the expectation of XY when X and Y are independent. This 
formula has sometimes been called the dream equation of calculus students. 


12.17 expectation of product of independent random variables 


Suppose (Q, F, P) is a probability space and X and Y are independent random 


variables in £L? (P). Then 


E(XY) = EX - EY. 


Proof First consider the case where X and Y are each simple functions, taking 
on only finitely many values. Thus there are distinct numbers 441,...,am € R and 
distinct numbers b4, ..., by € R such that 


X= alix=a} ++ AMl{X=am} and Y= by 1ty—p} +--+ bNlty=by} 
Now 
M N M N 
XY = bP) ajbklix=a) HY=o0 = Ly de abr 4x=ajnty=n) 
j=l k=1 j=1k=1 
Thus 


M N 
E(XY) = }, } ajbP({X = aj} N {Y = by}) 


j=1k=1 
Z z ajP(X = aj)) (£ b,P(Y = b)) 
= EX - EY, 


where the second equality above comes from the independence of X and Y. The last 
equation gives the desired conclusion in the case where X and Y are simple functions. 
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Now consider arbitrary independent random variables X and Y in LP). Let 
fi, fz,... be a sequence of Borel measurable simple functions from R to R that 
approximate the identity function on R (the function t +> t) in the sense that 
limyn—oo fn(t) = t for every t € R and |fn(t)| < t for all t € R andal n € Z* 
(see 2.89, taking f to be the identity function, for construction of this sequence). The 
random variables fn o X and fn o Y are independent (by 12.17). Thus the result in 
the first paragraph of this proof shows that 


E((fn o X)(fno Y)) = E(fno X)-E(fno Y) 


for each n € Z+. The limit as n — œ of the right side of the equation above equals 
EX - EY [by the Dominated Convergence Theorem (3.31)]. The limit as n — co 
of the left side of the equation above equals E(XY) [use Hélder’s inequality (7.9)]. 
Thus the equation above implies that E(XY) = EX - EY. 

Variance and Standard Deviation 

The variance and standard deviation of a random variable, defined below, measure 
how much a random variable differs from its expectation. 


12.18 Definition variance; standard deviation; 7(X) 


Suppose (Q, F, P) is a probability space and X € £7(P) is a random variable. 


e The variance of X is defined to be E((X — EX)?). 


e The standard deviation of X is denoted o (X) and is defined by 
o(X) = ,/E((X — EX)?). 


In other words, the standard deviation of X is the square root of the variance 
of X. 


The notation o? (X) means (o(X))’. Thus g? (X) is the variance of X. 


12.19 Example variance and standard deviation of an indicator function 


Suppose (Q, F, P) is a probability space and A € F is an event. Then 


o (14) = E((14 — El,)*) 
( 


= E((14 — P(A))?) 
= E(14 —2P(A)-14+ P(A)*) 
= P(A) —2(P(A))” + (P(A))” 
= P(A): (1— P(A), 


Thus o(14) = \/P(A)- (1 — P(A). 
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The next result gives a formula for the variance of a random variable. This formula 
is often more convenient to use than the formula that defines the variance. 


12.20 variance formula 


Suppose (Q, F, P) is a probability space and X € £?(P) is a random variable. 
Then 


COC IO ENA 


Proof We have 


(X — EX)’) 


X?) — 2(EX)* + (EX)? 


E 
E 
E 
E(X2) — EF, 


(X? — 2(EX)X + (EX)?) 
( 
( 
as desired. 

Our next result is called Chebyshev’s inequality. It states, for example (take t = 2 
below) that the probability that a random variable X differs from its average by more 


than twice its standard deviation is at most }. Note that P(|X — EX| > to(X)) is 
shorthand for P({w € O : |X(w) — EX| > to(X)}). 


12.21 Chebyshev’s inequality 


Suppose (Q, F, P) is a probability space and X € £?(P) is a random variable. 
Then 


P(X = EX oO 


for all t > 0. 


Proof Suppose t > 0. Then 
P(|X — EX| > to(X)) = P(|X — EX}? > t?0(X)) 


1 
Za 
T Po(X) 


1 
Fo 


E((X — EX)?) 


where the second line above comes from applying Markov’s inequality (4.1) with 
h = |X — EX|? and c = to? (X). 


The next result gives a beautiful formula for the variance of the sum of independent 
random variables. 
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12.22 variance of sum of independent random variables 


Suppose (Q, F, P) is a probability space and X4, . . ., Xn € £? (P) are indepen- 
dent random variables. Then 


o7(Xy +++ + Xn) =P (X1) + +07 (Xp). 


Proof Using the variance formula given by 12.20, we have 
P(X x) = 8((E x) - (EE X0) 
= (£ xe) +2E( E XX)- 2 EX:) 


k=1 1<j<k<n 


= E(X#) — E (EX2 +2( L E(XX))-2( E EX- EX) 


k=1 k=1 1<j<k<n 1<j<k<n 


where the last equality uses 12.20, 12.17, and the hypothesis that X1,..., Xn are 
independent random variables. 


Conditional Probability and Bayes’ Theorem 


The conditional probability Pg(A) that we are about to define should be interpreted 
to mean the probability that w will be in A given that w € B. Because w is in AM B 
if and only if w € B and w € A, and because we expect probabilities to multiply, it 
is reasonable to expect that 


P(B) - Pg(A) = P(AMB). 
Thus we are led to the following definition. 
12.23 Definition conditional probability; Pg 


Suppose (Q, F, P) is a probability space and B is an event with P(B) > 0. 
Define Pg: F — [0,1] by 


_ P(AMB) 
PCB) 


Pg(A) 


If A € F, then Pg(A) is called the conditional probability of A given B. 


You should verify that with B as above, Pg is a probability measure on (Q, F). If 
A E F, then Pg(A) = P(A) if and only if A and B are independent events. 

We now present two versions of what is called Bayes’ Theorem. You should 
do a web search and read about the many uses of these results, including some 
controversial applications. 
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12.24 Bayes’ Theorem, first version 


Suppose (Q, F,P) is a probability space and A,B are events with positive 


probability. Then 


Proof We have 
P(ANMB) E P(ANB)- P(A) P4(B)- P(A) 
P(B) P(A) - P(B) P(B) ` 


Pp(A) = 


Lg. SNBRIDGE 
b i 
or y 


+ G 
THOMAS BAYES 
1702 = 1761 . 
Nonconformist minister Plaque honoring Thomas 


_ and mathematician ja Bayes in Tunbridge Wells, 
Originator of the statistical 
theory of probability, the basts England. 
of most market research and CC-BY-SA Alexander Dreyer 
opinion poll techniques 


lived here 
1731 = 1761 


O 
ORT cENTENNY 


Suppose (Q, F, P) is a probability space, B is an event with positive probability, 
and Aj,..., An are pairwise disjoint events, each with positive probability, such 
that Ay U---U An = Q. Then 


for each k € {1,...,n}. 


Proof Consider the denominator of the expression above. We have 
n n 
12.26 2} Pa;(B) - P(Aj) = Di ii = P(B). 
j= J= 


Now suppose k € {1,...,n}. Then 
_ Pa (B): P(Ag) Pa,(B) - P(Ag) 


Pp(Ax) P(B) j=1 Pa,(B) -P(A;) 


where the first equality comes from the first version of Bayes’s Theorem (12.24) and 
the second equality comes from 12.26. 
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Distribution and Density Functions of Random Variables 


For the rest of this chapter, let 6 denote the g-algebra of Borel subsets of R. 
Each random variable X determines a probability measure Py on (R, 5) and a 
function X: R — [0,1] as in the next definition. 


12.27 Definition probability distribution and distribution function; Px; X 


Suppose (Q, F, P) is a probability space and X is a random variable. 


e The probability distribution of X is the probability measure Px defined on 
(R, B) by 
Px(B) = P(X € B) = P(X71(B)). 
e The distribution function of X is the function X: R — [0,1] defined by 


X(s) = Px((—00,s]) = P(X < s). 


You should verify that the probability distribution Py as defined above is indeed a 
probability measure on (R, B). Note that the distribution function X depends upon 
the probability measure P as well as the random variable X, even though P is not 
included in the notation X (because P is usually clear from the context). 


12.28 Example probability distribution and distribution function of an indicator function 


Suppose (Q, F, P) is a probability space and A € F is an event. Then you should 
verify that 
Pi, = (1 — P(A)) ð + P(A) 41, 


where for t € R the measure ô on (R, B) is defined by 


ita) = 1 iftcB, 
Me) V0 iftgB. 


The distribution function of 1, is the function (14): R — [0,1] given by 


0 ifs <0, 
(14) (s)=41-—P(A) if0<s <1, 
1 ifs > 1, 


as you should verify. 


One direction of the next result states that every probability distribution is a right- 
continuous increasing function, with limit 0 at —co and limit 1 at co. The other 
direction of the next result states that every function with those properties is the 
distribution function of some random variable on some probability space. The proof 
shows that we can take the sample space to be (0,1), the -algebra to be the Borel 
subsets of (0,1), and the probability measure to be Lebesgue measure on (0,1). 
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Your understanding of the proof of the next result should be enhanced by Exercise 
13, which asserts that if the function H: R —> (0,1) appearing in the next result is 
continuous and injective, then the random variable X: (0,1) — R in the proof is the 
inverse function of H. 


12.29 characterization of distribution functions 


Suppose H: R — [0,1] is a function. Then there exists a probability space 
(Q, F, P) and a random variable X on (Q, F) such that H = X if and only if 
the following conditions are all satisfied: 


(a) s < t= H(s) < H(t) (in other words, H is an increasing function); 
(b) lim H(t) =0; 
{=-= 


(c) lim H(t) = 1; 
too 


(d) Tni H(t) = H (s) for every s € R (in other words, H is right continuous). 
tls 


Proof First suppose H = X for some probability space (Q, F, P) and some random 
variable X on (Q, F). Then (a) holds because s < t implies (—oo,s] C (—œ, t]. 
Also, (b) and (d) follow from 2.60. Furthermore, (c) follows from 2.59, completing 
the proof in this direction. 

To prove the other direction, now suppose that H satisfies (a) through (d). Let 
Q = (0,1), let F be the collection of Borel subsets of the interval (0,1), and let P 
be Lebesgue measure on F. Define a random variable X by 
12.30 X(w) = sup{t € R: H(t) < w} 


for w € (0,1). Clearly X is an increasing function and thus is measurable (in other 
words, X is indeed a random variable). 
Suppose s € R. If w € (0,H(s)], then 


X(w) < X(H(s)) = sup{t € R : H(t) < H(s)} < s, 


where the first inequality holds because X is an increasing function and the last 
inequality holds because H is an increasing function. Hence 


12.31 (0, H(s)] C {X < s}. 
If w € (0,1) and X(w) < s, then H(t) > w for all t > s (by 12.30). Thus 
H(s) = lim H(t) > w, 
tls 
where the equality above comes from (d). Rewriting the inequality above, we have 
w € (0,H(s)]. Thus we have shown that {X < s} C (0,H(s)], which when 
combined with 12.31 shows that {X < s} = (0, H(s)]. Hence 
X(s) = P(X < s) = P((0,H(s)] ) = H(s), 


as desired. 
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In the definition below and in the following discussion, A denotes Lebesgue 
measure on R, as usual. 


12.32 Definition density function 


Suppose X is a random variable on some probability space. If there exists 
h € LI (R) such that 


Š(s) = fna 


for all s € R, then h is called the density function of X. 


If there is a density function of a random variable X, then it is unique [up to 
changes on sets of Lebesgue measure 0, which is already taken into account because 
we are thinking of density functions as elements of L1 (R) instead of elements of 
LI (R)]; see Exercise 6 in Chapter 4. 

If X is a random variable that has a density function h, then the distribution 
function X is differentiable almost everywhere (with respect to Lebesgue measure) 
and X’(s) = h(s) for almost every s € R (by the second version of the Lebesgue 
Differentiation Theorem; see 4.19). Because X is an increasing function, this implies 
that A(s) > 0 for almost every s € R. In other words, we can assume that a density 
function is nonnegative. 

In the definition above of a density function, we started with a probability space 
and a random variable on it. Often in probability theory, the procedure goes in the 
other direction. Specifically, we can start with a nonnegative function h € E! (R) 
such that f a h dA = 1. We use h to define a probability measure on (R, 8) and then 
consider the identity random variable X on R. The function A that we started with is 
then the density function of X. The following result formalizes this procedure and 
gives formulas for the mean and standard deviation in terms of the density function h. 


12.33 mean and variance of random variable generated by density function 


Suppose h € L!(R) is such that f° hdA = 1 and h(x) > 0 for almost every 
x € R. Let P be the probability measure on (R, B) defined by 


P(B) = fha 


Let X be the random variable on (R, B) defined by X(x) = x for each x € R. 
Then h is the density function of X. Furthermore, if X € L1 (P) then 


aa xh(x) dA(x), 


and if X € £?(P) then 
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Proof The equation X(s) = [°., h dà holds by the definitions of X and P. Thus h 
is the density function of X. 

Our definition of P to equal h dA implies that [f f dP = f? fh dA for all 
f € L'(P) [see Exercise 5 in Section 9A]. Thus the formula for the mean EX 
follows immediately from the definition of EX, and the formula for the variance 
o?(X) follows from 12.20. 


The following example illustrates the result above with a few especially useful 
choices of the density function h. 


12.34 Example density functions 


Suppose h = lj). This density function h is called the uniform density on 
[0,1]. In this case, P(B) = A(B N [0,1]) for each Borel set B C R. For the 
corresponding random variable X(x) = x for x € R, the distribution function 
X is given by the formula 


0 ifs<0O, 
Š(s)=4s f0<s <1, 
1 ifs>1. 


The formulas in 12.33 show that EX = 5 and o (X) = WA 


$ 


Suppose a > 0 and 


0 ifx <0, 
h(x) =4 ax ae 
ae if x > 0. 


This density function h is called the exponential density on [0,00). For the 
corresponding random variable X(x) = x for x € R, the distribution function 
X is given by the formula 


7 0 ifs <0, 
X(s) = oe ie 
1—e ifs > 0. 


The formulas in 12.33 show that EX = + and o(X) = }. 


Suppose 


for x € R. This density function is called the standard normal density. For 
1 


the corresponding random variable X(x) = x for x € R, we have X(0) = 5. 
For general s € R, no formula exists for X(s) in terms of elementary functions. 
However, the formulas in 12.33 show that EX = 0 and (with the help of some 


calculus) o (X) = 1. 
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Weak Law of Large Numbers 


Families of random variables all of which look the same in terms of their distribution 
functions get a special name, as we see in the next definition. 


12.35 Definition identically distributed; i.i.d. 


Suppose (Q, F, P) is a probability space. 


e A family of random variables on (Q, F) is called identically distributed if 
all the random variables in the family have the same distribution function. 


e More specifically, a family {X;},er of random variables on (Q, F) is called 


identically distributed if 
P(X; < s) = P(X < 8) 
for all j,k E€ T. 


e A family of random variables that is independent and identically distributed 
is said to be independent identically distributed, often abbreviated as 1.i.d. 


12.36 Example family of random variables for decimal digits is i.i.d. 


Consider the probability space ([0, 1], B, P), where B is the collection of Borel 
subsets of the interval [0,1] and P is Lebesgue measure on ([0, 1], B). For k € Z+, 
define a random variable X;: [0,1] > R by 


X;.(w) = k®-digit in decimal expansion of w, 


where for those numbers w that have two different decimal expansions we use the 
one that does not end in an infinite string of 9s. 

Notice that P(X; < 71) = 0.4 for every k € Z*. More generally, the family 
{Xx}rez+ is identically distributed, as you should verify. 

The family { X;},<z+ is also independent, as you should verify. Thus { X;},e7+ 
is an i.i.d. family of random variables. 


Identically distributed random variables have the same expectation and the same 
standard deviation, as the next result shows. 


12.37 identically distributed random variables have same mean and variance 


Suppose (Q, F,P) is a probability space and {X;},er is an identically dis- 
tributed family of random variables in £? (P). Then 


EX; = EX, and (Xj) = o(X,) 


for all j,k ET. 
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Proof Suppose j € Z*. Let f1, fo,... be the sequence of simple functions converg- 
ing pointwise to X; as constructed in the proof of 2.89. The Dominated Convergence 
Theorem (3.31) implies that EX; = limy— yoo Efn. Because of how each fn is con- 
structed, each Ef, depends only on n and the numbers P(c < Xj; < d) for c < d. 
However, 


P(c < Xj < d) = lim (P(X) < d- 2) — P(X; <c—3)) 


for c < d. Because { X,}xer is an identically distributed family, the numbers above 
on the right are independent of j. Thus EX; = EX; for all jk eZ. 
Apply the result from the paragraph above to the identically distributed family 


{Xk }ker and use 12.20 to conclude that o(X;) = 0(Xx) for all j,k ET. 


The next result has the nicely intuitive interpretation that if we repeat a random 
process many times, then the probability that the average of our results differs from 
our expected average by more than any fixed positive number € has limit 0 as we 
increase the number of repetitions of the process. 


12.38 Weak Law of Large Numbers 


Suppose (Q, F, P) is a probability space and {X%}ķez+ is an iid. family of 
random variables in £? (P), each with expectation u. Then 


sin. 7(( 5 we) 


for alle > 0. 


Proof Because the random variables { X;,},¢z+ all have the same expectation and 
same standard deviation, by 12.37 there exist u € R ands € [0, œ) such that 


EX,=pe and o(X) =s 
for all k € Z*. Thus 


12.39 e(; bX) = and (73 Xi) = eba) 


where the last equality follows from 12.22 (this is where we use the independent part 
of the hypothesis). 

Now suppose € > 0. In the special case where s = 0, all the X% are almost surely 
equal to the same constant function and the desired result clearly holds. Thus we 
assume s > 0. Let t = \/ne/s and apply Chebyshev’s inequality (12.21) with this 


value of ¢ to the random variable 1 L-1 Xk using 12.39 to get 


(GÈ) 


Taking the limit as n — œœ of both sides of the inequality above gives the desired 
result. 
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EXERCISES 12 


10 


Suppose (Q, F, P) is a probability space and A € F. Prove that A and Q \ A 
are independent if and only if P(A) = 0 or P(A) = 1. 


Suppose P is Lebesgue measure on [0,1]. Give an example of two disjoint Borel 
subsets sets A and B of [0,1] such that P(A) = P(B) = 4, [0,5] and A are 
independent, and [0, 3] and B are independent. 


Suppose (Q, F, P) is a probability space and A, B € F. Prove that the follow- 
ing are equivalent: 

e A and B are independent events. 

e A and Q \ B are independent events. 

e Q \ Aand B are independent events. 

e Q \AandQ \B are independent events. 


Suppose (Q, F, P) is a probability space and {Ax }ķer is a family of events. 
Prove the family {Ax }xer is independent if and only if the family {Q \ Ag }ker 
is independent. 


Give an example of a probability space (Q, F, P) and events A, By, Bz such 
that A and B4 are independent, A and B> are independent, but A and B1 U B2 
are not independent. 


Give an example of a probability space (Q, F, P) and events A4, A2, A3 such 
that A; and A> are independent, A; and A3 are independent, and Az and A3 
are independent, but the family A1, Az, A3 is not independent. 


Suppose (O, F, P) is a probability space, A € F, and By C By C --- isan 
increasing sequence of events such that A and B, are independent events for 
each n € Z*. Show that A and UX} Bn are independent. 


Suppose (Q, F, P) is a probability space and {A+ Jer is an independent family 
of events such that P(A;) < 1 foreach t € R. Prove that there exists a sequence 
ty, to,... in R such that P(NX Ata) = 0; 


Suppose (Q, F, P) is a probability space and By,...,B, € F are such that 
P(B1 N -++ A Bn) > 0. Prove that 


P(ANB, NN Bn) = P(B1) - Pg, (B2) . < Phin--nB, 1 (Bn) < PBin-MBy (A) 
for every event A € F. 


Suppose (Q, F, P) is a probability space and A € F is an event such that 
0 < P(A) < 1. Prove that 


P(B) = PA (B) - P(A) + Poya (B): P(Q \ A) 


for every event B € F. 


11 


12 


13 


14 


15 


16 


17 
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Give an example of a probability space (Q, F, P) and X,Y € L?(P) such 
that o? (X +Y) = 0?(X) + 0? (Y) but X and Y are not independent random 
variables. 


Prove that if X and Y are random variables (possibly on two different probability 
spaces) and X = Y, then Py = Py. 


Suppose H: R —> (0,1) is a continuous one-to-one function satisfying condi- 
tions (a) through (d) of 12.29. Show that the function X: (0,1) — R produced 
in the proof of 12.29 is the inverse function of H. 


Suppose (Q, F, P) is a probability space and X is a random variable. Prove 
that the following are equivalent: 


e X is a continuous function on R. 

e X is a uniformly continuous function on R. 
e P(X =t) =0 for every t E€ R. 

e (XoX)(s) =sforalls €R. 

0 ifx <0, 


a2xe** ifx >0. 


Let P = hdd and let X be the random variable defined by X(x) = x for x € R. 


Suppose « > 0 and h(x) = 


(a) Verify that [° h dA = 1. 

(b) Find a formula for the distribution function X. 
(c) Find a formula (in terms of œ) for EX. 

(d) Find a formula (in terms of «) for 7(X). 


Suppose BG is the -algebra of Borel subsets of [0, 1) and P is Lebesgue measure 
on ([0,1],B). Let {ex }kez+ be the family of functions defined by the fourth 
bullet point of Example 8.51 (notice that k = 0 is excluded). Show that the 
family {eg },ez+ is an iid. 


Suppose B is the g-algebra of Borel subsets of (—7z, 7t] and P is Lebesgue 
measure on ((—7t, 7t], B) divided by 27. Let {ex},<z\ {0} be the family of 
trigonometric functions defined by the third bullet point of Example 8.51 (notice 
that k = 0 is excluded). 


(a) Show that {ex} keZ\ {0} Ís not an independent family of random variables. 
(b) Show that {ex };ez\ {0} is an identically distributed family. 
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Luzin’s Theorem, 66, 68 
Luzin, Nikolai, 66, 68 
Lviv, 146 
Lwów, 146 


Markov’s inequality, 102 
Markov, Andrei, 102, 106 
maximal element, 175 
mean value, 386 


measurable 
function, 31, 37, 156 
rectangle, 117 
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norm, 163 
coming from inner product, 214 
normal, 302 
normed vector space, 163 
null space, 172 
of T*, 285 


open 
ball, 148 
cover, 18 
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